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Velocity-dependent potential functions can sometimes be used to determine the field of force 


that can be applied in order that particles may move in specified paths. In particular, the elec- 
tromagnetic field vectors E and B can be determined from such a potential function if the paths 


on which charged particles move are specified. 


The velocity-dependent potential U is related to the kinetic energy T and the Lagrangian 


function L by the equation 


U=T-L, 
where L is an arbitrary solution of the Lagrange equation 
(d/dt)(9L/dp’) — (aL /ap) =0, 


where =constant represents the orthogonal trajectories of the curves which describe the paths 
the particles are to follow. From the velocity-dependent potential function U, the field of force 


can be calculated by the definition 





HE ordinary equations of motion require 
that one be given the forces which act on a 
particle. From these given forces the equations 
of motion are found. The inverse problem is also 
of interest; namely, the problem of finding a field 
of force which will cause particles to move in 
given orbits. Sometimes this field of force can 
be determined from a velocity-dependent poten- 
tial function. For example, a velocity-dependent 
potential function can be used to determine the 
electromagnetic field in which charged particles 
must move in order to follow given orbits. 

This paper deals with the velocity-dependent 
potential function and the method used to find 
the field of force from such a potential function. 
In particular, the results are applied to examples 
from the mechanics of charged particles. Using 


Qp= —(0U/dp) + (d/dt)(9U/9p’). 


195 


these results, it is possible to determine a field of 
force if the orbits of particles in the field are 
given. 

In books on mechanics,! velocity-dependent 
potentials are considered from the postulate that 
the generalized forces Q; can be calculated from 
the formula 


Q;= (d/dt)(dU/dq;’) — (8U/9q;), 


where gq; is a generalized coordinate and U is 
called the generalized or velocity-dependent 
potential; however, it is of interest to see how to 


1E. T. Whittaker, Treatise on the Analytical Dynamics 
of Particles and Rigid Bodies, Fourth edition revised 
(Dover Publications, New York, 1944), p. 44. H. Gold- 
stein, Classical Mechanics (Addison-Wesley Press, Inc., 
Cambridge, Massachusetts, 1950), p. 19. 
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calculate the velocity-dependent potential if the 
curves on which the particles move are given. 


DETERMINATION OF THE VELOCITY- 
DEPENDENT POTENTIAL FUNCTION 


Suppose it is known that particles have as their 
orbits certain curves represented by the equation 


q(u, v) =constant, 


and that these curves are on a prescribed sur- 
face represented by the equations, 
x=x(u, v), 


y=y(u, 2), 
z=2(u, v). 


(1) 


Let p(u, v)=constant be the orthogonal trajec- 
tories of the curves represented by g(u, v) =con- 
stant. 

Provided the Jacobian, 


J=[(q, p)/d(u, v)]¥0, 


it is possible to solve the equations »=constant 
and g=constant for u and v in terms of p and gq 
to get 

ais u(p, q) 

v=v(p, q). 
Substitution of Eqs. (2) in Eqs. (1) yields 


x=x[u(p, q), v(p, q) | (3) 


and similar equations for y and z. Now let 
x’ =dx/dt, y'’=dy/dt, and z’=dz/dt. Differentia- 
tion of Eq. (3) with respect to ¢ yields 


x’ = (dx/dp)p’ + (dx/dq)q’. (4) 


Similar expressions are obtained for y’ and 2’. 
Squaring both sides of Eq. (4), we find 


x’? = (Ox /dp)*p”+2(dx/dp)(dx/dq)p'q’ 
+(dx/dq)’q”, (5) 
and similar expressions are obtained for y’? and 


2’, Since p=constant and g=constant are 
orthogonal trajectories, 


(2) 


ox ox oy oy 02 Zz 


ap aq dp dq Op aq 


Therefore, addition of the expressions like Eq. 
(5) determines the square of the velocity of the 
particles, but considering Eq. (6) the square of 


(6) 
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the velocity of the particles reduces to the form, 
x?+y?+22=G(p, g)p"+H(b, 9)q", — (7) 
where G(p,qg) and H(p,q) are defined by the 
equations, 
G(b, g) = (dx/dp)?+ (dy/dp)*+ (dz/dp)? 
H(p, q) = (dx/dq)?+ (dy/9g)?+ (d2/ 0g)’. 


Therefore the kinetic energy is given by 
= }m(Gp"-+ Hq"). 


If the particles are to have g=constant for their 
orbits, g’ must be zero and U must not be a 
function of g’. Hence, Lagrange’s equations of 
motion can be written from 





= 3mGp”, U= U(p, q; pb’). (8) 
Lagrange’s equations of motion are 
(m/2)(8G/dq)p” = (9U/ dq) 
m 3G aU dau (9) 
m6) ~— pa -— 4, 
2 ap ap dt ap’ 
The first of Eqs. (9) becomes 
(8/dq)(2mGp”) = (dU/q), (10) 


if [3mG(dp’2/ dq) | is added to the left-hand side. 
Since p” and q are independent, this is permis- 
sible. Integration of Eq. (10) yields 


U=3mGp"—L(p, p’). (11) 


L is some arbitrary function of » and p’, but is 
selected so that U satisfies the second of Eqs. (9). 
Substitution of the value of U given by Eq. (11) 
in the last of Eqs. (9) yields the condition 


(d/dt)(dL/ dp’) — (dL /dp) =0, (12) 


which must be satisfied by L. Since Eq. (12) is 
Lagrange’s equation, LZ can be called a Lagran- 
gian. Substitution of Eq. (8) into Eq. (11) yields 


U=T—-L. (13) 
In the usual form this is written 


L=T-—U. 
Remembering that L=L(p, p’), Eq. (12) can be 


written 


p'(a°L/ apap’) +p" (PL /dp”) — (dL / dp) =0. (14) 


PARTICLES MOVING 


This second-order partial differential equation 
has particular solutions which may be combined 
in any desired form to yield a velocity-dependent 
potential function U. Some of these solutions are 


L= > Aup’p*, 


k=—oo 


L= > Bup'p 


l=—o 


L=C,(2p"p+p”), 
L=C.(p'*—12p"p"*p> —12p'"p?). 


The A;’s, B;’s, Ci, and C2 arear bitrary constants. 
The last three solutions are given considering p”’ 
as independent of » and p’. It is not necessary 
that k and / be integers in order that the solutions 
of Eq. (15) satisfy Eq. (14), but there is no need 
to consider other than integral values of k and 1 
here. In fact, if the proper form is chosen for the 
solution, it is only necessary to have the number 
of arbitrary constants needed to be determined 
by the boundary conditions given. 


CALCULATION OF THE FIELD OF FORCE 


Calculation of the field F from a velocity- 
dependent potential U is accomplished by con- 
sidering the generalized force derived from U, 


—(dU/dp)+ (d/dt)(dU/dp")=Q,. (16) 


Since Eq. (16) holds for a generalized coordinate 
pb, it holds for the rectangular Cartesian coordi- 
nates x, y, and z. Therefore, the field components 


are given by 
F,= —(dU/dx)+(d/dt)(dU/dx’), 
F,= —(dU/dy)+ (d/dt)(dU/dy’), 
F,= —(dU/dz)+(d/dt)(dU/9dz’). 


These equations can be written in vector form 
if V, is defined by the equation, 


VU =[(0i/ dx’) (dj/ dy’) (dk/d2') JU, 


where i, j, and k are unit vectors in the x, y, and z 


directions, respectively. Equations (17) can be 
written as 


(17) 


F= —VU+ (d/dt)V,U. (18) 


Here VU denotes the usual operation of taking 
the gradient of U. 


IN GIVEN ORBITS 


ELECTROMAGNETIC FIELDS 


An electromagnetic field can be derived from a 
velocity-dependent potential function. An elec- 
tromagnetic field is detected by placing a charge 
q in the field. The charge experiences a force 
given by 


F=q[E+v XB], (19) 


where B is the magnetic induction, E is the 
electric intensity, and v is the velocity of the 
charged particle. Maxwell’s equations describe 
the fields E and B 


(1) VXE=-—(06B/dt) 


(Il) V-D=p 
(II) VXH=J+(aD/dt) 


(IV) V-B=0. 


By virtue of Eq. (IV), B is a solenoidal vector 
and can be expressed as the curl of some other 
vector A. Hence, 


VXA=B, (20) 


and Eq. (1) becomes 
V X(LE+ (0A/dt) ]=0. 


Thus the field [E+(0A/0t) ] is irrotational and 
may be derived from the negative of the gradient 
of some scalar function ¢, or 


E= —Vo—(0A/9dt). (21) 


Substitution of Eq. (21) in Eq. (19) yields 
F =g[ —V$—(dA/dt)+vXVXA]. 


Just the x component of this force can be 
written as 


F,=qL—(0¢/0x) —(dA,/dt)(0/dx)(A-v)], (22) 
for 
0A, OA; 
(ie) 
oh oy 


0g OA; 
P= -—=— 
Ox ot 
OA; 
-2( a 
oz 


=) 
ax JJ 
If g(@A,/dx)x’ is added to and subtracted from 
the right-hand side of this equation, it can be 
written in the form of Eq. (22). A similar argu- 


ment can be given for the y and z components of 
the force F. Therefore, the components of the 
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force on a charged particle are given by 


F,=q[ —(0¢/dx)+ (0/dx)(A-v) —(d/dt)A «], 
F,=g[ — (0¢/dy)+ (0/dy)(A-v) — (d/dt)A ,], (23) 
F, =q[ — (0¢/02)+ (0/02)(A-v) —(d/dt)A.]. 


Comparison of Eqs. (23) with Eqs. (17) shows 
that 


(8U/dx')=—A.q, (dU/dy')=—Ay, (24) 
(8U/d2') = —A.q, 


and 
¢=(U/q)—(A-v). (25) 


Then E and B are computed from relations (20) 
and (21). This shows that the electric and mag- 
netic fields can be determined by the use of a 
velocity-dependent potential function if the 
orbits of particles in the field are known. The 
field will not be unique but will contain arbi- 
trary constants which can be used to specify 
special conditions that the motion of the par- 
ticles may follow. It is possible that @ may be a 
function of the velocities x’, y’, and z’. If this is 
the case, it is assumed that x’, y’, and 2’ are given 
as functions of time so that @ may be considered 
a function of the space coordinates and time. 


EXAMPLE 


As an example, consider the problem of de- 
termining the electromagnetic field in free space 
which would cause particles moving on the sur- 
face represented by 


x =a cosu 
y =a sinu (26) 
z=v, when v<0, 

and by 
x =ae~>” cosu 
y =ae~” sinu (27) 
z=v, when v>0, 


to move on curves represented by 
qg=u=constant. (28) 


Further, the velocity component 2’ is specified as 
a function of time 


a! =29"'t, (29) 


where 29”’ is a constant acceleration component. 


The particles are assumed to start from rest. 
The orthogonal trajectories of the curves (28) 
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are represented by 
p=v=constant. (30) 


Solving for u and v from Eqs. (28) and (30) and 
substituting the results in Eqs. (26) and (27), 
we find 


x =a cosg 
y =a sing (31) 
z=), 
and 
x =ae~*?® cosg 
y =ae~*”* sing (32) 
2=p. 


From Eggs. (31) and (32) it is found that the 
kinetic energy is given by the expressions, 


T =3mp’, (33) 
when z<0, and 


T =4m(1+4a°b?pre2*) p”?, (34) 


when z>0. The derivative gq’ has been set equal 
to zero in the expressions for the kinetic energy 
of the particles since the particles are to move 
on curves g=constant 

Comparing Eqs. (33) and (34) with the first 
of Eqs. (8) we see that 


G(p, q) =1, 
when z<0, and that 
G(p, g) =1+4a7b*p*e-2?” 


when 2>0. Therefore Eq. (11) yields the ve- 
locity-dependent potential function 


U= }mp”"—L(p, p’) (35) 
when 2<0, and 
U= 3m(1+4ab*p'e-”*) pb? —L(p, p’), (36) 


when z>0. From Eqs. (15) a solution for L is 
chosen as 


L= > Anp'pt. 


k=—o 
Noting from Eqs. (31) and (32) that 
p=2, x+y? =a%e??, 


the expressions (35) and (36) can now be written 
as 


U=4mz2"— > A,2’2*, (37) 


k=—oo 






Vv 


PARTICLES MOVING IN GIVEN ORBITS 


when 2<0, and (29), the components of E and B are 


mao" 


« 2 2 
UO = m[1+4b%2?(x?+y") J2z"— 2) Axz’z*, (38) E,=E,=0, E.=— 2 RA j29't2*-* + 
k=—w g &=-@ q 
when z>0. The components of the vector poten- Saat 


tial are given by Eqs. (24) as when z<0; and when z>0 the components of E 
and B are given by 


Ae=Ay=0, Ap=—a'+~ So Aust, (99) Es=(12mb%y!stxt)/q, Ey = (12mb%0"s*yt)/4, 
. 12mb2z29"'t 


E x22) 
when 2<0 and : (x?-+-*) 


i 2 @ mz" 

Sym. —- RA 420/'2*-'t ; [1+4b%22(x2+-y?) ]; 
m 1 q sans q 

A,= ——[1+-4b'2"(x? +’) Je’ * : D Aiz*, (40) B,=—(m/q)8b222y20''t, By =(m/q)8b*22x20"t, 

q 


B,=0. 


when z>0. The scalar potential function is 


: by Eq. (25) The A;,’s are as yet arbitrary. They can there- 
given by Eq. as 


fore be used in selecting convenient values for 
3 is the z component of the electric field intensity for 
g=—me2"—-— + Axsz’s*, (41) agiven position and the corresponding time. 
2 k=—o 
CONCLUSION 
Given the paths in free space on which it is 
desired that particles move, it is possible to de- 


when 2<0, and as 


3 _ . 
oo + e field of force which can be applied. 
m{(1+-4b?2?(x?+ y?) Je’ ——- Axz's*, (42 termine the fi pp 
[ ( y )J . 2 k (42) 


2q te The solution may involve the velocity compo- 

nents of the particles. In such cases the velocity 
when z>0. From these potential functions, E components must also be specified in order that 
and B can be determined by use of the relations the field of force be determined from a velocity- 


(20) and (21). On substituting for 2’ from Eq. dependent potential function. 


. we can see in this example . . . how in palpable bodies, composed of many atoms, indi- 
viduality arises out of the structure of their composition, out of shape or form, or organization, as , 
we might call it in other cases. The identity of the material, if there is any, plays a subordinate role. : 
You may see this particularly well in cases when you speak of ‘‘sameness'’ though the material 
has definitely changed. A man returns after twenty years of absence to the cottage where he spent 
his childhood. He is profoundly moved by finding the place unchanged. The same little stream 
flows through the same meadows, with the cornflowers and poppies and willow trees he knew so 
well, the white-and-brown cows and the ducks on the pond, as before, and the collie dog coming 
forth with a friendly bark and wagging his tail to him. And so on. The shape and the organization 
of the whole place have remained the same, in spite of the entire ‘‘change of material’ in many of 
the items mentioned, including, by the way, our traveller's own bodily self! Indeed, the body he 
wore as a child has in the most literal sense ‘‘gone with the wind.’’ Gone, and yet not gone. For, if I 
am allowed to continue my novelistic snapshot, our traveller will now settle down, marry, and have 
a small son, who is the very image of his father as old photographs show him at the same tender age. 
—E. SCHRODINGER, Science and Humanism (1951). 




































Undergraduate Origins of American Physicists 
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The number of physicists listed in the 1949 edition of American Men of Science who have re- 
ceived their undergraduate degrees from various colleges and universities has been tabulated. 


For each institution the ratio of the number of listings in physics to the total enrollment has 
been computed. A comparison of these data with those available from previous editions suggests 
that universities having major graduate programs in physics are becoming increasingly im- 


portant in the training of undergraduates. 


NE of the prime requirements in the de- 
velopment of physicists is a steady stream 
of able college graduates, well grounded in the 
basic principles of physics and mathematics. 
Certain institutions have made very special 
contributions in this field of nursing young 
physicists to the point at which they can be 
transplanted to graduate school for further 
growth. One estimate of the relative importance 
of an institution in training undergraduate 
physicists can be obtained by counting the num- 
ber of physicists listed in American Men of 
Science who have received their undergraduate 
training at the particular institution in question. 
Blackwood! published a paper on the under- 
graduate origins of American physicists listed in 
the 1938 edition of American Men of Science; 
the present paper makes a similar report on the 
men listed as physicists in the 1949 edition. 
Slightly over 4200 persons are listed in the 
field of physics in the most recent edition of 
American Men of Science. This number repre- 
sents some 58 percent of the number of members 
of the American Physical Society. The sole cri- 
terion used in assigning a man to the field of 
physics was that the word physics appear in his 
field of specialization. Thus, men in astrophysics 
and biophysics are included, but those listed in 
electronics, physical chemistry, and the various 
branches of engineering are not. In this arbitrary 
classification there are undoubtedly some physi- 
cists whose records were not considered and 
others included as physicists whose principle 
training was in a related field. However, the 
number of such misassignments should be small 


1Q. Blackwood, Am. J. Phys. 12, 149 (1944). 
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and it may be hoped that this summary gives a 
reasonably reliable picture. 

Table I lists the number of physicists in 
American Men of Science who received under- 
graduate degrees from each of the 73 institutions 
which contributed ten or more names. The data 
of this table are in excellent agreement with the 
findings of Trytten? who has reported the under- 
graduate origins of all persons receiving Ph.D.’s 
in physics in the decade 1936-1945. 

A glance at Table I reveals that the universi- 
ties which have great graduate centers in physics 
are also very important contributors of under- 
graduates. Indeed, of the first 32 institutions 
listed in Table I only three had awarded fewer 
than 14 Ph.D.’s in physics to persons in American 
Men of Science; of the first fifty institutions only 
four had awarded no physics Ph.D.’s at all. This 
is in sharp contrast to Blackwood’s findings in 
connection with the 1938 edition in which seven 
of the leading thirty institutions were colleges 
which did not offer the doctoral degree. The 
detailed report by White® on enrollments and 
degrees granted to physics majors during the aca- 
demic year 1949-1950 shows that of the twenty 
institutions having the largest number of gradu- 
ate students eleven are also among the twenty 
institutions having the largest number of under- 
graduate physics majors. It appears that uni- 
versities with major graduate schools are be- 
coming relatively more important in the training 
of undergraduate physicists. 

Clearly, in the straightforward counting of 
graduates large institutions have a tremendous 
advantage over small ones. A “productivity 


2M. H. Trytten, Am. J. Phys. 15, 330 (1947). 
3M. W. White, Am. J. Phys. 19, 27 (1951). 
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TABLE I. Number of persons listed as physicists in the 1949 edition of American Men of Science who received under- 
graduate degrees from the institutions listed. 


Rank Number Institution 


Location 
1 Massachusetts Inst. of Tech- Mass. 
nology 

Harvard Mass. 

California (Berkeley) Calif. 

Chicago Ill. 

Michigan Mich. 

Wisconsin 

Cornell 

City College of New York 

California Inst. of Technology 

Columbia 

Indiana 

Yale 

Toronto 

Princeton 

{ Illinois 

Minnesota 

Case Inst. of Technology 

Ohio State 

Johns = kins 

Cacnnsie nst. of Technology 

George Washington 

Texas 

— 

Iowa 
emcee State 
Rochester 

a 
Stanford 
Cincinnati 
McGill 
Northwestern 
Nebraska 
British Columbia 
California (Los Angeles) 
Iowa State 
Missouri 


” 


index,’’ convenient for comparing the relative 
merits of institutions with greatly different sizes, 
may be obtained by dividing the number of suc- 
cessful graduates by the enrollment. Such an 
index has been computed for the more important 
institutions by dividing the number of graduates 
listed as physicists in American Men of Science 
by the total enrollment in thousands for the aca- 
demic year 1935-1936 as published in the 1937 
World Almanac and Book of Facts. This index 
has the property of unduly favoring noncoeduca- 
tional institutions, and other institutions which 
have an unusually large fraction of the total 
enrollment in an undergraduate scientific pro- 
gram. 

Table II lists the productivity indices for the 
65 institutions for which the index exceeds 10.0. 
As might be expected, several of the best schools 
of technology rank high. Also prominent are a 
number of small liberal arts colleges. The excel- 


Rank Number Institution 


37 Dartmouth 
Pittsburgh 
Saskatchewan 
Kansas 
Purdue 
Univ. of Washington 
Kentucky 
Oklahoma 
Union 
Lehigh 
Rice Inst. 
Rutgers 
New York 

{ Brooklyn 
Brown 


Location 
N. H. 
Pa. 
Sask. 
Kan. 
Ind. 


Miami 

| Qreeon State 
Swarthmore 
Kalamazoo 
Rensselaer Polytechnic Inst. 
West Virginia 
Dalhousie 
Knox 
Queens 
Boston Univ. 
Clark 
Michigan State 
Oregon 
Washington (St. Louis) 
Montana State Mont. 
St. Olaf Minn. 
Franklin and Marshall Pa. 
North Carolina i 
Oberlin Ohio 
Ohio Wesleyan Ohio 
St. Louis Mo. 
Syracuse IN. ¥. 


Nova $ Scotia 
Ill. 


2. 
Mass. 
Mass. 
Mich. 
Ore. 
Mo. 


lent showing of these schools is doubtless asso- 
ciated with the inspirational teaching of one or 
two extraordinary men. Several of these excep- 
tional teachers have been honored with the 
Oersted Medal. The Oersted Medalist for 1950, 
the late Professor John W. Hornbeck, is pri- 
marily responsible for the high standing of 
Kalamazoo College. ' 

Knapp and Goodricht have computed an 
index of production of scientists in general. 
Although many of the institutions which have a 
high index of production in their report also 
appear prominently in Table II, there are certain 
significant differences which can be noted. In 
particular, Knapp and Goodrich find that south- 
ern and far eastern institutions are relatively rare 
in the list of the 50 institutions which lead in the 
production of scientists, while Table II shows 


4R. H. Knapp and H. B. Goodrich, Science 113, 543 
(1951). 
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TABLE II. Number of graduates listed as physicists in the 1949 edition of American Men of Science per thousand 
students enrolled in 1935-1936 according to the 1937 World Almanac and Book of Facts. 


Number 
per 
Rank thousand 


1 78.3 
2 $39 


Location 


Calif. 
Mass. 


Institution 


California Inst. of Technology 
Massachusetts Inst. of Tech- 
nology 
Case Inst. of Technology 
Kalamazoo 
lark 
Milton 
Friends 
Johns Hopkins Md. 
Union N. Y. 
Knox Ill. 
North Central Ill. 
Swarthmore Pa. 
Haverford Pa. 
Nebraska Wesleyan Neb. 
Ripon Wisc. 
Columbia Py. ¥. 
Hobart | oF 
William Jewell Mo. 
Wabash Ind. 
Princeton Ws. Bs 
Olivet Mich. 
Saskatchewan Sask. 
Park Mo. 
Earlham Ind. 
Dalhousie Nova Scotia 
Rochester F 
Carnegie Inst. of Technology 
Emporia 
McPherson 
Worcester Polytechnic Inst. 
Rice Inst. 
Dayton 


47.6 
41.8 


Ohio 

Mich. 
Mass. 
Wisc. 


Kan. 


COND Me WwW 
&e 
© 
~ 


3 
2 
2 
2 
2 
2 
2 
2 
2 
2 
2 
2 
i 
1 
1 
1 
1 
1 
1 
1 
1 
1 
1 
1 
1 
1 
1 


WWW RR Pe OM UII 00 0 SDS SOR ENN WR NS 
DrwroeDMNawoSunqgnwok woe nwnanakepanananarn 


| 
1 


much better representation of New England 
and Middle Atlantic institutions. 

A comparison of the productivity indices in 
Table II with a related index computed by Black- 
wood! for the 1938 edition of American Men of 
Science again suggests that the universities which 
have important graduate schools are playing a 
more vital role in training undergraduates. 
Blackwood’s productivity index was calculated 
by dividing the number of listed graduates of 
each institution by the number of male students 
enrolled in 1925-1926. In so far as information 
permitted, liberal arts and _pre-engineering 
students were included, but preprofessional 
students of agriculture, architecture, business, 
education, and the like were not. Since the two 
productivity indices were computed on a some- 
what different basis, the order in which institu- 
tions place would be somewhat different in the 





Number 
per 
Rank thousand 


13.6 
13.4 
13.3 
13.3 
13.3 
13.3 
12.9 
12.9 
12.8 
12.8 
12.7 
$2.5 
12.4 
12.3 
12.2 
11.9 
53.7 
11.6 


Institution Location 


Furman Sc. 
Allegheny Pa. 
Dickinson Pa. 
Knox Ill. 
Reed Ore. 
Kenyon Ohio 
Cornell Pes 2s 
Franklin and Marshall Pa. 
Juniata 

Virginia 

British Columbia 

Lehigh 

Bates 

Willamette 

Phillips 

Wesleyan 

Harvard 

Bowdoin 

Colorado School of Mines 
Muhlenberg 

Albion 

Hiram 

Rensselaer Polytechnic Inst. 
Indiana 

Lake Forest 

Morningside 

Illinois Wesleyan 

St. Olaf 

Whitman 

Yale 

St. Lawrence 

McGill 

Muskingum 





_ 
be 
an 


ee 
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two cases. Probably the present index treats 
large universities less well than did Blackwood’s 
since it is these universities rather than the small 
colleges which have preprofessional students in 
the fields that Blackwood did not include in his 
calculations. Of Blackwood’s list of the 29 most 
productive institutions only four are major 
graduate centers, while of the corresponding top 
29 of Table II, six are so regarded. Not only are 
more important graduate centers represented in 
the list, but their positions are considerably 
higher. 

The limited data presented here suggest that 
there may be a trend away from the familiar 
pattern in which small liberal arts colleges serve 
as the prime source of graduate students toward 
one in which the major universities provide a 
larger share of the undergraduate training of 
physicists. 
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This article constitutes a report on an independent ex- 
perimental study of the variation of the coefficient of sliding 
friction under very simple laboratory conditions. It is 
based on nonaccelerated motion involving sliding friction 
at speeds from 0.25 to 20 cm/sec. The experimental set-up 
consists of a weighted block resting upon a horizontal 
surface, subjected to the pull of various weights suspended 
over a pulley and attached to the block by means of a cord. 

For all materials tested, including wood, leather, glass, 
and various metals, it is found that (1) the coefficient of 
sliding friction varies as the logarithm of the speed of the 


ONSIDER a body of weight W, resting on a 
horizontal plane and connected by a cord 
over a pulley to a suspended weight W, (Fig. 1). 
Assume the coefficient of sliding friction between 
the body and the plane to be a constant yp, and 
the pulley to be weightless and frictionless. The 
resulting acceleration a is represented by the 
formula! 


a=[(W2—u4Wi)/(Wi+ W2) Ig, 


where g is the acceleration of gravity. 

This formula is based upon the assumption of a 
constant coefficient of sliding friction, an as- 
sumption which has been found to be not in 
accordance with observed data. The coefficient 
of sliding friction increases in proportion to the 
logarithm of the speed, as will be shown below. 
Consequently, the unbalanced force W2—-pW; 
acting upon (W,+W») decreases with increas- 
ing speed until the speed becomes uniform 
and W.=uW. The starting acceleration of the 
system continues to decrease along with the 
decreasing unbalanced force and so the accelera- 
tion is not constant at any time. Where the 
unbalanced force is initially small, the speeds 
produced are also small and the state of uniform 
speed is reached almost immediately. The ratio 
W./W, thus measures the coefficient of sliding 
friction for a given speed. 

Although the variation of the coefficient of 
sliding friction with the logarithm of the speed 

1E. Hausmann and E. P. Slack, Physics (D. Van Nos- 


trand Company, Inc., New York, 1944), U. S. Naval 
Academy revised edition, p. 80. 


moving surface, increasing directly as the logarithm of the 
speed increases, (2) in the case of wood surfaces in contact, 
the coefficient of sliding friction decreases as the normal 
force increases, (3) in the case of both wood and leather 
surfaces in contact with other surfaces, the coefficient 
decreases with repeated performance, and (4) in the case 
of metal surfaces in contact, the coefficient of friction in- 
creases with repeated performance, unless the product of 
the abrasive action of friction is removed for each per- 
formance. The removal of the loose metallic particles 
causes a decreased coefficient of friction. 


represents an independent deduction from recent 
extensive measurements, an examination of the 
literature on friction shows that this same law 
of variation was also stated by the celebrated 
physicist, Charles A. Coulomb,” in 1785 in con- 
nection with some of his experiments on sliding 
friction between wood and metal surfaces. 
Coulomb’s generalization ‘friction increases in 
arithmetical progression as the speed increases 
in geometrical progression’”’ is identical in mean- 
ing with the statement that the coefficient of 
friction varies directly as the logarithm of the 
speed. However, in drawing up a final statement 
on the sum of his experimental work on friction, 
Coulomb’ merely concludes “It is not always 
that, with wood sliding without lubrication on 
wood and with metals sliding on metals, the 


—- 


Fic. 1. Diagram of simple equipment used to measure 
coefficients of sliding friction under normal operating 
conditions. 


2 Frederic Palmer, Am. J. Phys. 17, 185 (1949). 
3 Reference 2, p. 185. 
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speed has only slight influence upon the friction; 
but here the friction increases very sensibly in 
proportion as the speed is increased.” 

The more elaborate tests of Morin‘ reported 
in 1831 led Morin to abandon Coulomb’s theory 
that “the friction of metals on wood ought to 
increase with speed.” It is to be noted that in 
checking Coulomb’s idea of the possible increase 
of friction with speed, Morin‘ extended the range 
of his measurements to include greater velocities 
up to ‘'3.5 meters per second or more.”’ Measure- 
ments with these higher velocities failed to show 
what measurements with decreased velocities 
would have shown. The variation of the coeffi- 
cient, depending as it does upon the logarithm 
of the speed, is very marked at slow speeds of a 
few cm/sec, but is scarcely perceptible at speeds 
of the order of 3 meters/sec. This point is well 
illustrated by data contained in the present 
article. ' 


COEFFICIENT OF FRICTION NOT A CONSTANT 


The normal occurrence of friction phenomena 
is under uncontrolled conditions, and the per- 
formance of friction under such conditions in- 
doors constitutes the problem here presented. 
Data have been secured for a variety of combina- 
tions of dry or unlubricated pairs of surfaces, 
displaying the nature of the variation of the 
coefficient of friction with speed and other 
factors. The data in all of the separate experi- 
ments reported bear out the generalization that 
the coefficient of friction varies as the logarithm 
of the speed: The range of speed covered is from 
0.25 to 20 cm/sec. It is believed, however, that 
the generalization applies to a much wider range 
of speeds than represented by the data of this 
study. A very slow speed of a wooden block over 
a steel surface was easily attained in one instance 
not represented by data reported here. At least 
three hours were required for the block to move 
a distance of 100 centimeters over the steel 
surface. This motion corresponds to a speed of 
less than 0.01 cm/sec. The speeds in every case 
considered were the nonaccelerated limiting 
speeds acquired almost immediately after the 
motion was started. 

In the case of wood surfaces, evidence is 


* Reference 2, p. 186. 
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presented from two different approaches dis- 
playing the decrease of the coefficient of friction 
with increase of normal force. In the first in- 
stance data were chosen corresponding to the 
same speed throughout. That is to say, the factor 
of speed was kept very nearly constant, the two 
variable factors being the coefficient of friction 
and the normal force. In the second instance 
three separate sets of readings corresponding to 
three different fixed normal forces were made 
throughout the range of variation of speed. The 
data secured in both instances consistently 
reflect the law of decreasing coefficient of friction 
with increasing normal force in the case of wood 
surfaces. 

The decrease of the coefficient of friction with 
repeated performance, in the case where one of 
the two surfaces is of fibrous composition, as is 
true of wood or leather, is illustrated by data 
pertaining to the friction between leather and 
steel. 

The variation of the coefficient of friction 
where both surfaces are of metal shows the very 
same law of relationship with speed as obtains 
where one or both of the surfaces is of fibrous 
composition. However, metal surfaces were found 
to be subject to more variable factors than were 
fibrous surfaces. Different curves, each consistent 
for a given time of observation, were found on 
different days. Atmospheric conditions possibly 
had something to do with these differences. It is 
definitely established in these experiments, how- 
ever, that the degree of cleansing of the metal 
surfaces has much to do with the variation of the 
coefficient. In these separate groups of experi- 
ments, the friction of lead on steel, of brass on 
steel, and of aluminum on steel, the effect of 
cleansing was found to be the same for all. The 
mere wiping of the surfaces between runs with 
clean cotton cloths was found necessary to secure 
consistent results. The cleansing of the surfaces 
between runs with common dry-cleaning agents 
has a marked effect on the results. It appears 
definitely established that an abrasive action 
between metal surfaces takes place when one 
metal moves over another, and the tiny loosened 
particles of metal serve to increase the friction 
as they accumulate. The repeated removal of 
this abraded material by a dry-cleaning agent 
causes a decreased coefficient of friction. 
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EXPERIMENTAL STUDY OF SLIDING FRICTION 


EXPERIMENTAL PROCEDURE 


The experimental set-up for all of the data 
secured is so simple as to require no special 
diagram. A weighted block of one material is 
made to slide a short distance of approximately 
100 centimeters over a horizontal board or sheet 
of another material. A light-weight cord attached 
to the block passes over a small pulley at the end 
of the board and is attached to a weight holder 
on which various weights are placed. Since the 
coefficient of static friction is in every case greater 
than that of sliding friction, the block could be 
rested on the surface until a slight jar started it in 
motion. The starting jar has the effect of giving 
the block a slight lift from the surface, producing 
first an acceleration which shortly reduces to 
nonaccelerated motion or a limiting speed. 

Some of the first data studied were measures 
taken of electrically recorded speeds on sensitized 
paper tape spread along the horizontal path. As 
the work got under way further, it was found that 
with a very slight jar used to start the motion 
there was no practical difference in the calcula- 
tions secured by ignoring the slight acceleration 
effects at starting. Stop watch recordings of 
times required to travel given distances were 
secured much more quickly and easily than tape 
recordings and were sufficiently accurate to ob- 
tain the generalizations of this study. 

It should be noted that the measurement of 
the force of friction presents no problem at all 
when, as in the case of the method employed here, 
this force is an arbitrarily chosen value. The 
normal force, of course, is also chosen arbitrarily, 
and the ratio of the former to the latter being 
precisely determined as the friction coefficient, 
is not subject to any significant probable error. 
Fluctuations in speed due to the ever-present 
irregularities of surface conditions are reducible 
in magnitude by patient working over of the 
surfaces. Such minor fluctuations as remain can 
be logically attributed to local surface irregulari- 
ties, provided the times of repeated runs for the 
same friction force prove consistently to be 
nearly the same. 

Fish-line cord of a total mass of three-tenths of 
a gram per meter length proved suitably strong 
for most of the measurements. The increments 
of weight added to the pulling weight were 
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Fic. 2. Comparison of coefficients of friction 
for poplar on various surfaces. 


mostly 20 grams, but ranged from 5 to 50 grams. 
Since the increments of cord over the pulley were 
the same in all of the compared runs and repre- 
sented relatively small variable increments of 
pull, corrections due to this factor were neglected. 
The small brass pulley used had little moment 
of inertia, and since the motion was nonaccele- 
rated, none of the pulling force was used in 
producing angular momentum of the pulley. The 
friction of the pulley was measured for different 
loads and taken into account in the calculations. 
This correction factor proved to amount to 
approximately three percent of the load over 
the pulley. 

A considerable amount of preliminary experi- 
mentation preceded the actual gathering of data 
in each of the problems attacked. Different types 
of surfaces required different kinds of prepara- 
tion. For example, the wood surfaces, after sand- 
papering and wiping, were put through several 
sets of runs until the surfaces acquired what 
might be termed a ‘“‘seasoned”’ condition. Metal 
surfaces were rendered devoid of foreign! material 
such as lubricants or cleansing agents so far as 
possible. Some of the cleansing agents used in the 
preparation of metal surfaces, such as perchloro- 
ethylene, were wholly volatile. Clean cotton 
cloths were used in connection with these agents 
to remove by wiping all foreign material that 
could be removed by such a process. 


DISCUSSION OF RESULTS 


The solid straight line in Fig. 2 is a plot of the 
coefficient of friction versus the logarithm of the 
speed for data secured with a poplar block mov- 
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Fic. 3. Variation of coefficient of friction with normal 
force. Poplar block on poplar board. Speed constant at 
13.0 cm/sec. 


ing over a poplar board. Increments of 50 grams 
of pull were employed, starting with a gross pull 
of 1050 grams. The moving poplar block, with a 
“contact surface” area of some 200 cm? weighed 
together with loaded weights a total of 6367 
grams. The so-called area of surface contact is 
a misleading figure. Actually the contact surface 
is but a small fraction of the measured area; it 
varies from place to place and from time to time 
due to the ever-present unevennesses inherent in 
any prepared level surfaces. The variations in 
actual area of surface of contact were not found 
to be such as to prevent the obtaining of signifi- 
cant measurements leading to significant gen- 
eralizations. 
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Fic. 4. Variation of coefficient of friction with speed and 
with normal force. Pine block on walnut board. 


Each plotted point of the solid straight line 
represents the average of merely two measures 
of electrical recordings. Considering the small 
amount of data used in making this chart, the 
consistently linear character of the plot of coeffi- 
cient of friction versus logarithm of the speed 
stands out as a good illustration of the law of 
variation of the coefficient. It will be noted in the 
discussion that follows that the separate points 
plotted in various charts represent means of 
several observations, up to 30 or more separate 
measures for each point, in some instances. 

One of the two runs referred to above was 
made by increasing the pulling force in steps of 
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Fic. 5. Variation of coefficient of friction with logarithm of 
speed and with normal force. Pine block on walnut board. 


50 grams, and the other by decreasing the pulling 
force in steps of 50 grams back to the original 
load of 1050 grams. This procedure tended to 
offset the effect of variation of friction with re- 
peated performance. There was no question as 
to the nonaccelerated character of the motion. 
Countless hundreds of tests made by stop watch 
as well as by electrical recording on sensitive 
paper have shown that the motion of the sliding 
surface, within the range of speed studied, is a 
nonaccelerated motion. Slight fluctuations in the 
speed due to ever-present irregularities in the 
surfaces are, of course, obtained. But the signi- 
cant fact is that in this speed range there is no 
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net acceleration of the moving surface, which 
definitely means that friction ‘‘absorbs’’ all of 
the pull. This, of course, means that the coeffi- 
cient of friction increases with the speed. 

In the measurements of this particular experi- 
ment the range of variation of the coefficient is 
large, its value being 0.161 for a speed of 0.56 
cm/sec and 0.276 for a speed of 14.84 cm/sec, 
an increase of 70 percent. 

The short dotted line on Fig. 2 displays the 
variation of the coefficient of friction with the 
logarithm of the speed for a poplar block moving 
on a surface of plate glass. Each plotted point 
marked by a cross represents the mean of from 3 
to 6 separate observations. 

The two broken lines on Fig. 2 display two 
separate plots for the same pair of surfaces, and 
apply to the motion of a poplar block over a steel 
surface. Each plotted point represents the mean 
of from 2 to 4 separate observations. The upper 
broken line reflects the variation of the coefficient 
before a special base metal burnisher was applied, 
and the lower broken line gives the results of ob- 
servations taken immediately after the burnish- 
ing and cleansing. The effect of the special bur- 
nishing is seen to be a general reduction in the 
friction. 

It is to be noted that the graphs in Fig. 2 are 
made from comparatively few observations and 
that they are somewhat exploratory in character. 
The same poplar block was used for the four 
sets of experimental readings. There appears to 
be a tendency for the coefficients to become 
nearly equal for the different surfaces at the 
highest speeds used. 

Figure 3 displays the variation of the coeffi- 
cient of friction with the normal force. The same 
poplar block and board used in furnishing the 
data for the solid straight line of Fig. 2 were 
employed in this study. Kilogram weights were 
added to the block to furnish the additional 
normal forces. Each of the ten plotted points 
represents the mean of 33 runs made on seven 
different days. The pulley weights required for 
producing an arbitrary speed of 13.0 cm/sec 
required careful adjusting, but in all cases the 
average speed was kept very close to this figure. 
The graph shows a definite decrease in the 
coefficient with an increase in the normal force. 
The large number of observations taken gives 
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TABLE I. Variation of coefficient of friction with 
normal force. Pine block on walnut board. 


Gross Speed 
friction force (centimeters 
(grams) per second) 


0.96 
1.12 
1.32 
1.49 
1.64 
1.88 
2.17 
2.41 
2.43 
3.02 
3.42 
3.87 
4.41 
4.97 
5.50 
6.21 
7.07 
7.81 
8.54 
10.00 
11.88 
12.81 


Adjusted 
coefficient 
of friction 


0.140 
0.142 
0.144 
0.146 
0.148 
0.150 
0.152 
0.155 
0.156 
0.159 
0.161 
0.163 
0.165 
0.167 
0.169 
0.171 
0.173 
0.175 
0.177 
0.179 
0.181 
0.183 


Logarithm 
of 
speed 


—0.018 
+0.049 
+0.121 
0.173 
0.215 
0.274 
0.336 
0.382 
0.436 
0.480 
0.534 
0.588 
0.644 
0.696 
0.740 
0.793 
0.849 
0.893 
0.931 
1.000 
1.075 
1.108 


1380 
1400 
1420 
1440 
1460 
1480 
1500 
1520 
1540 
1560 
1580 
1600 
1620 
1640 
1660 
1680 
1700 
1720 
1740 
1760 
1780 
1800 








Normal force =9582 grams 


‘ 22 points; each point is the 
Length of path = 100 centimeters. 


mean of 8 observations. 


validity to this finding. In this, as in all the 
separate experiments carried out and reported 
here, correction was made for the pulley friction. 

Figures 4 and 5 depict the variation of the 
coefficient when using a block with pine runners 
moving over a walnut board. Three different 
normal forces of 3582, 6582, and 9582 grams 
weight were used for the three sets of runs. 


Fic. 6. Reduction in 
friction by repeated 
performance. Between 
first and sixth run. 
Leather on steel. 
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Fic. 7. Variation of coefficient of friction with 
logarithm of speed. Steel on steel. 


Table I displays the numerical values applying 
to the normal force of 9582 grams. Figure 4 
shows the plots of the coefficient versus the actual 
speed for the three different normal forces, and 
Fig. 5 shows the plots of the coefficient versus the 
logarithm of the speed. Each plotted point is 
the mean of 8 observations. These two sets of 
graphs reflect not only the characteristic direct 
variation of the coefficient with the logarithm 
of the speed, but also, consistent with Fig. 3, 
display the decrease of the coefficient with the 
increase of normal force at all speeds observed. 

Figure 6 depicts the variation of the coefficient 
with the logarithm of the speed for leather on 
steel, comparing the first set of runs with the 
sixth set of runs made in a series of successive ob- 
servations. A flat piece of sole leather weighted 
down with two kilograms was made to slide over 
the steel blade of a large two-man saw. This chart 
not only illustrates the fact that the logarithmic 
law holds for the friction between a fibrous sur- 
face and a metal surface, but also that where at 
least one of the surfaces is fibrous, the coefficient 
decreases with repeated performance. In the case 
of two fibrous surfaces, as wood on wood, the 
same was found to be true. Observations of 
repeated performance indicate the approach to 
a limiting friction curve, and also a day-to-day 
variation in the position of the curve, apparently 
reflecting variable surface conditions. These 
changing surface conditions are believed to be 
due in part to humidity, but definite study of this 
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has not been made as yet. Each plotted point in 
Fig. 6 is the mean of two observations. The data 
for the intermediate four sets of runs are not 
included here. 

The problem of the variation of dry sliding 
friction with exclusively metal surfaces presents 
experimental difficulties. The study of the friction 
of steel on steel proved to be rather baffling. 
Notwithstanding great care exercised in the 
preparation of the surfaces the results obtainable 
varied from time to time. 

Figure 7, based on sets of runs taken with the 
same sliding steel surfaces on two different days 
with an interval of eight days, shows two plots 
differing somewhat from each other. Each of the 
plotted points is the mean of ten observations. 
The logarithmic law seems to apply fairly well to 
each case, although the increase in the value of 
the coefficient after a lapse of time is very 
marked. It appears that the friction of steel on 
steel is complicated by many variables, but that 
it is definitely not inconsistent with the law of 
logarithmic variation. 

Figure 8 pictures the variation of the coeffi- 
cient with the logarithm of the speed for lead on 
steel. Each of the 35 points represents the mean 
of 15 separate observations. Despite some drifts 
from the straight line it is quite apparent that 
the same law of variation holds for these two 
metallic surfaces as holds for fibrous surfaces. 


Fic. 8. Variation 
of coefficient of fric- 
tion with logarithm 
of speed. Lead on 
steel. 
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The drifts of points below and above the straight 
line are explainable probably in terms of the 
irregular distributions of the gradually accumu- 
lated abraded material. There was quite a distinct 
wear of the softer lead surface after a large num- 
ber of runs. The steel surface was wiped with a 
dry cotton cloth before each trip, but the lead 
surface was not so wiped. In the investigations 
that follow it will be seen that the continuous 
removal of the abraded material produced by 
the softer sliding metallic surface results in re- 
duced friction between the surfaces. 

Figure 9 shows in an interesting way the reduc- 
tion in friction produced by the removal of 
abraded material. The upper straight solid line 
in the graph is based upon 15 points, each of 
which represents the mean of 15 observations. 
For each of the separate 225 observations, both 
surfaces were wiped with clean dry cotton cloths. 
Although the cloths gave no visible evidence of 
soiling after wiping, the results of wiping seemed 
to give more uniform results. 

It was found that when dry-cleaning fluid was 
used in cleaning the surfaces a distinct reduction 
in friction was produced. The volatile dry- 
cleaning fluid perchloroethylene was used in 
wiping both lead and steel surfaces. For the first 
three lower points of the dotted line, the fluid 
was applied before each run and the surface vig- 
orously wiped dry. The wiping cloths were found 
to be soiled slightly with the removal of the 
minute particles of abraded material after each 


Fic. 9. Variation 
of coefficient of fric- 
tion with logarithm 
of speed and with 
degree of cleansing 
of surfaces. Lead on 
steel. 
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Fic. 10. Variation of coefficient of friction with logarithm 


of speed and with degree of cleansing of surfaces. Brass 
on steel. 


run. In this connection it should be noted that 
when two metallic surfaces were employed, the 
time of the first half of the run was in many cases 
less than the time of the second half, thus indi- 
cating a slight deceleration. This is explainable by 
the gradual production of the abraded material 
along the path of motion by the softer of the two 
metals in contact, causing a gradual increase in 
friction along the run as the abraded material 
literally piled up. The next two points of the 
dotted line graph show the reduced speed occa- 
sioned by the nonremoval of abraded material 
by means of the fluid, although both surfaces 
were wiped. The upper seven points of the graph 
follow a straight line very closely. For these 
points no dry-cleaning fluid was used. 

The solid line just above the dotted line dis- 
plays a distribution of twelve plotted points; all 
of them fall very close to a straight line. For 
these twelve points no dry-cleaning fluid was 
used, but both surfaces were wiped alter each 
run with dry cotton cloths. Apparently the 
thorough cleansing by the dry-cleaning fluid at 
the start of the previous set of runs was still 
effective in part, as this straight line is displaced 
considerably lower on the graph than the first 
one described in the figure. It should be noted 
that each point in the two lower plots of Fig. 9 
represents the mean of 5 observations. 

Results with dry-cleaning fluid corresponding 
exactly to those for lead on steel were found for 
both brass on steel and for aluminum on steel. 
Figure 10 contains five plotted lines based 
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TABLE II. Variation of coefficient of friction with speed. 
Brass on steel. Various preparatory treatments of surfaces; 
both surfaces wiped dry. 


Speed 
(centimeters 
per second) 


Adjusted 
coefficient 
of friction 


0.126 
0.128 
0.131 
0.133 
0.135 
0.137 
0.140 
0.142 


Gross 
friction force 


a 
(grams) 


° 
speed 
0.366 
0.478 
0.599 
0.698 
0.819 
0.907 
1.018 
1.105 





2.33 
3.00 
3.97 
4.99 
6.59 
8.07 
10.42 
aS 





Normal force = 2090 grams 


‘ 8 points; each point is the 
Length of path =100 centimeters. 


mean of 25 observations. 


upon the measurements for brass on steel. The 
top solid line has eight points, each of which is 
the mean of 25 observations. Table II displays 
the data for this plot. The solid line next to the 
top and close to it also has eight points, each of 
which is the mean of 20 observations. Data for 
these two lines were taken one week apart. Both 
surfaces were simply wiped with dry cotton cloths 
between separate runs. The dotted line with 
each pletted point marked by a cross was 
produced in the same way as the corresponding 
line in Fig. 9, except that for the first few points 
a patented ‘‘Nacto”’ dry-cleaning fluid was used 
in place of the perchloroethylene used with lead 
on steel. For the succeeding points in this dotted 
line the surfaces were wiped with dry cloths only. 
Each of the 18 points is the mean of 15 observa- 
tions. The two lowest broken lines show the 
result of the application of cleaning fluid between 
each run. Each of the seven points in the upper 
line of these two is the mean of 10 observations. 
Each of the ten points in the lowest line is 
the mean of 20 observations. The data for the 
lowest line were taken prior to the one immedi- 
ately above. 

Figure 11 contains three plotted lines based 
upon the measurements for aluminum on steel. 
The top line contains eight plotted points, each 
of which is the mean of 10 observations. For 
this line neither surface was wiped after the 
observations had been begun. The middle plotted 
line contains six points, each of which is the mean 
of 10 observations. Both surfaces were wiped 
with dry cloths between each run. The effect of 
wiping the surfaces only with dry cloths is seen to 
result in decreased friction. The lowest line con- 
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Fic. 11. Va- 
riation of coeffi- 
cient of friction 
with logarithm 
of speed and 
with degree of 
cleansing of sur- 
faces. Aluminum 
on steel. 
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taining three points, each of which is the mean 
of 20 observations, shows the result of cleaning 
both surfaces thoroughly with dry-cleaning fluid 
before each run. The dry-cleaning fluid used 
in this case was perchloroethylene. A consider- 
able reduction in friction is to be noted. 

As regards the coefficient of friction between 
surfaces it can be seen from the above discussion 
that at all times the value of the coefficient should 
be qualified with reference to the relative speed 
of the surfaces in contact. 

In the case of the brass on steel the abraded 
material wiped off on the cloth had a greenish 
cast. For aluminum on steel the cloths were 
soiled with gray. For the former combination the 
abraded material was largely wiped from the 
brass. For the latter, the abraded material was 
wiped from both surfaces with probably a little 
more of it coming from the steel surface than 
from the aluminum. However, in both cases it 
was probably the softer metal which 
removed. 

The experimental work described above, of 
course, represents but a beginning to the study 
of the problem of sliding friction under the 
conditions specified. 

The diagrams in this article were prepared by 
my son, Charles T. Maney, Assistant Professor 
of Electrical Engineering, University of 
Kentucky. 

All of the measurements for Fig. 9 were made 
by three undergraduate students, Phil Oldham, 
Robert Retterbush, and Byrl Short, working 
under the author’s direction. 
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A Study of a New Arresting Device for Fletcher’s Acceleration Apparatus 


W. G. WapDEyY 
Yale University, New Haven, Connecticut 


(Received November 29, 1951) 


A new mechanism for rapidly absorbing the kinetic energy of the cart in Fletcher’s apparatus 
is described, and experiments to determine the physical basis of its operation are discussed. It is 
shown that the energy is absorbed by viscous flow. 


ECENTLY, we have had occasion to re- 
design the arresting device which absorbs 

the energy of the accelerated cart in Fletcher’s 
apparatus. This equipment shows the validity 
of Newton’s second law of motion by the accelera- 
tion of a cart acted upon by the gravitational 
force on a suspended weight. Figure 1 shows a 
view of the apparatus including the new arrester. 
As may be seen in the figure, the arrester 
consists of a }-in. steel rod about 33 in. long borne 
by the cart and a closed steel cylinder fastened 
to the track frame. At the end of the cart’s run, 
the rod engages with the cylinder which is made 
about 0.002 in. larger in diameter than the rod. 
The arrester was originally expected to dissipate 
the cart’s kinetic energy in heat by the com- 
pression of the gas trapped in the cylinder. The 
first test was a failure. The cart slammed hard 
against the arrester and bounced back. Applica- 
tion of cup grease to the plunger to improve the 
air seal made it no better, but when a small 


Fic. 1. Cart of Fletcher’s apparatus with arrester shown 
at left consisting of rod attached to cart which engages 
with cylinder attached by simple floating mounting to 
track frame. Size is shown by attached 6-in. scale. Note 
timing marks on tape. 


quantity of grease was pushed to the bottom of 
the cylinder so that the plunger could no longer 
touch the bottom without displacing the grease, 
the cart was brought smoothly and silently to 
rest with very little bouncing. 

In order to determine more carefully the nature 
of the arresting mechanism, the cart was allowed 
to run along the track, accelerated by the force 
of gravity on a 100.5-g weight while a record 
was made by a spark timer on the waxed tape 
visible in Fig. 1. This recorded the cart’s position 
every 1/30 of a second. The mass of the cart and 
its load was 2043.4 g. As the arrester engaged, 
the tape was moved sideways with the timer still 
running so that the record included the motion 
of the cart while engaged in the arrester. The 
data from the tape were used to plot the curve 
shown in Fig. 2. 

The first part of the curve is very precisely 
parabolic, as it should be. There is no particular 
peculiarity discernible at the point of engage- 
ment of the arrester, 98 cm, but the point of 
maximum travel, 104 cm, agrees exactly with 
the final rest position found by applying a static 
load to the cart. This indicates clearly that the 


0 | ne 2 3 
Time in seconds 


Fig. 2. Plot of data from tape shown in Fig. 1 giving 
position of cart as a function of time. Line at s=104 cm 
indicates position at which rod reaches bottom of air space 
in cylinder. Line at s=98 cm indicates point at which rod 
first engages with cylinder. 
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Fic. 3. Plot of cart velocity as function of time. Obtained 
by graphical differentiation of curve shown in Fig. 2. 


air either escapes or is compressed to a negligible 
volume. The cart then reverses its motion and 
bounces free of the arrester, falls in again and 
bounces once more before the record ends, the 
plunger this time not going to the bottom. 

The slopes of the displacement function were 
determined graphically, point by point, to 
determine the velocity as a function of time as 
plotted in Fig. 3. It is first linear, changing 
rapidly when the arrester engages and very 
rapidly as it hits bottom, until the maximum 
negative value is reached as the cart starts back 
out of the arrester. The velocity then increases 
linearly to zero, at which point there is a clear 
change of slope and the cycle is repeated less 
violently. The values of maximum and minimum 
velocity provide measures of the energy-absorb- 
ing ability of the arrester. On the first rebound, 
the energy has been reduced to 20 percent of its 
value before the impact, and by the time it has 
rebounded the second time its energy is only 1.5 
percent of the initial value. We conclude that the 
arrester is doing its job very well indeed. 

The changes of slope at zero velocity corre- 
spond to the reversals of the frictional force as 
may be seen even more clearly from the accelera- 
tion which was plotted by graphical determina- 
tion of the slopes of Fig. 3 and is shown in Fig. 4. 
At t=1.8 sec, at the instant of hitting the bottom, 
the acceleration reaches the extreme value of 
— 1560 cm/sec?. Between 2.0 and 2.6 sec, when 
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Fic. 4. Plot of acceleration of cart as function of time. 
Obtained by graphical differentiation of velocity function. 
Extreme negative value at ¢=1.8 sec is — 1560 cm/sec’. 


the cart is free of the arrester, the acceleration is 
greater at first, since the gravitational and fric- 
tional forces are in the same direction, and then 
drops when they oppose. 

We conclude that the main action of the 
arrester comes from the dissipation of energy in 
the viscous flow of the grease in the annular 
space between the plunger and cylinder and that 
this action is very effective. A few details of the 
mechanical design may be of interest. The 
plunger is turned from solid 3-in. rod, leaving a 
shoulder and a threaded stud to bolt to the end 
plate of the cart. The cylinder is turned and 
bored from larger stock. Its open end is flared, as 
may be seen in Fig. 1, so that it will pick up the 
plunger gently and not tend to throw the cart off 
the track. The flange is silver-soldered to the 
cylinder to keep it from falling too far out of 
line. The cylinder passes through an oversized 
hole in the frame and is retained only by a 
loosely fitting set screw, so that it may align 
itself with the plunger without applying any 
significant lateral force to the cart. No trouble 
has been experienced with carts being knocked 
off the track by the arrester. This was a common 
occurrence with the device originally provided. 
This new arrester should be useful in any 
apparatus, whether horizontal or vertical, where 
it is necessary to absorb the kinetic energy 
rapidly with as little disturbance of the apparatus 
as possible. 





An Undergraduate Course in Radiation Physics 


CLayTon M. ZIEMAN 
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A course is described dealing with the basic phenomena of radiation. Knowledge of differen- 
tial equations is prerequisite. Since no appropriate textbook is available, more than thirty 
textbooks are mentioned from which a student may draw his material. Laboratory experiments 
are an important part of the course. Sources of material for these experiments are quoted. 


N the October, 1945 issue of the American 

Journal of Physics, Caswell and Gordy de- 
scribe a proposed reorganization of under- 
graduate physics.! One subdivision of this re- 
organization suggests a course in radiation 
physics. It is the purpose of this paper to outline 
a course in radiation physics for senior under- 
graduate physics majors. In many liberal arts 
colleges broad educational requirements make 
it impossible for students to study separate 
courses in each of the topics covered. It is for 


such institutions that this course is primarily 
intended. 


OBJECTIVES 


The primary objectives are: 

(1) A unified presentation, so far as possible, 
of some of the important radiation phenomena. 

(2) Development of the mathematical tech- 
nics common to much of physics. 

(3) Encouragement of independent study. 

(4) Development of laboratory skills. 

The first objective requires that the instructor 
have a broad view of the entire course with 
particular awareness of those categories that 
are characterized by a similar mathematical 
formalism or that can be derived by application 
of a common principle. 

The second objective requires the solution 
of differential equations and the evaluation of 
the arbitrary constants in terms of the initial 
and boundary conditions of the problem; there- 
fore, one year of calculus and one semester of 
differentia! equations are prerequisites. A good 
course in electricity and magnetism is also pre- 
supposed. 


1A. E. Caswell and Walter Gordy, Am. J. Phys. 13, 
315 (1945). ; 


ORGANIZATION 


Each of the broad topics numbered | to VIII 
under the heading ‘‘Subject Matter”’ is covered 
in three weekly classroom meetings of fifty 
minutes. In addition to the regular class meetings 
four evening meetings in the nature of seminars 
are held. These seminars, covering wave motion 
and sound, vector analysis, physical optics, and 
generalized coordinates and the method of 
Lagrange are designed to supplement the regular 
classroom meetings. 

A laboratory runs concurrently with the course 
and cannot be divorced from it without serious 
loss. The laboratory experiments correlate with 
the classroom work and are designed to extend 
the knowledge of the student and to emphasize 
details of important aspects of the theory which 
can only be suggested in class. Some valuable 
experiments which cannot be included in the 
regular laboratory are done as demonstrations 
before the class. 

No book or laboratory manual exists in which 
all of the topics are treated in the desired manner. 
As a consequence a considerable task is imposed 
upon the instructor in the preparation of suitable 
lecture notes, collateral reading assignments, 
problems, experiments, and demonstrations. 
This is not, however, without great advantage, 
for the content of the course can be revised 
readily and the level of difficulty modified easily 
to suit the needs of the individual class. 


SUBJECT MATTER 


The principle items studied are listed below: 
I. Oscillatory motion: definitions (periodicity, 
frequency, etc.); free oscillation; damped oscil- 
lation; forced oscillation; coupled oscillation; 
resonance, energy of oscillating systems; appli- 
cation to pendulum, springs, galvanometers, 
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and electrical circuits; superposition of simple 
harmonic vibrations. 

Il. Qualitative study of wave motion: definition 
of wave motion; traveling waves; standing 
waves; transverse and longitudinal waves; phase 
velocity; group velocity; interference; modula- 
tion; dispersion; polarization; Doppler effect. 

Ill. Optics: nature of light; experiments to 
determine the speed of light; index of refraction; 
reflection and refraction at plane surfaces; 
prisms; reflection and refraction at spherical 
surfaces; thin lens; compound lenses; thick lens; 
mirrors; aberrations; optical instruments; Huy- 
gens’ principle; polarization; diffraction of light; 
interference of light. 

IV. Mathematical interlude: orthogonality pro- 
perties of the sine and cosine function; expansion 
of simple functions in Fourier series; harmonic 
analysis; study in rectangular coordinates of 
gradient of a scalar; divergence and curl of a 
vector; certain common vector relations involv- 
ing the operator “‘del’’ (nabla). 

V. Electromagnetic waves: Maxwell’s equations 
in rectangular coordinates; derivation of the 
wave equation; solutions of the wave equation; 
propagation and reflection of plane waves; 
Poynting’s vector; power flow in a plane wave; 
rectangular waveguides; rectangular resonator. 

VI. Sound and ultrasound: acoustic plane 
waves; speed of sound in fluids; reflection and 
transmission of plane acoustic waves; transverse 
vibrations of a string; longitudinal vibrations 
of a rod; vibrations of a rectangular membrane; 
acoustic resonators; the ear; longitudinal piezo- 
electric vibrator; ultrasonic phenomena in gases, 
liquids, and solids. 

VII. Interaction of matter and radiation and 
survey of experiments indicating the need for 
quantum mechanics: experiments to determine 
e/m; experiments to determine e; experiments on 
the scattering of alpha-particles; blackbody 
radiation; the photoelectric effect; the Compton 
effect; discrete energy levels (spectra); Stern- 
Gerlach experiment; electron diffraction. 

VIII. Introduction to quantum mechanics: 
postulates of quantum mechanics; character- 
istic states and characteristic values of momen- 
tum, moment of momentum, and energy of a 
single particle; quantum-mechanical averages; 
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principle of indeterminacy; free particle in a 
box; potential barriers. 


SEMINARS 


Four evening seminars introduce or supple- 
ment some of the foregoing topics. A study out- 
line is prepared for each seminar listing the 
topics to be discussed with references from 
which the pertinent material can be obtained. 
For the fourth seminar references are supple- 
mented by a set of notes giving all the necessary 
material together with numerous examples 
illustrating the theory. The content of the four 
seminars follows: 

I. Wave motion and sound: speed of waves in 
elastic media; the equation of the wave; inter- 
ference phenomena; stationary waves; refrac- 
tion; reflection; diffraction. 

Il. Vector analysis: definitions; vector addi- 
tion and subtraction; coordinate systems; vector 
multiplication; vector differential operator; the 
gradient of a scalar; divergence of a vector; curl 
of a vector. 

III. Physical optics: interference and the prin- 
ciple of superposition; phase difference in terms 
of path lengths; reflection of the E vector from 
a surface; reflection from thin films; Newton’s 
rings; nonreflecting film; distinction between 
Fraunhofer and Fresnel diffraction; diffraction 
from a single slit; Fresnel zones; Raleigh crite- 
rion; resolution of a grating and of a prism. 

IV. Generalized coordinates and the method of 
Lagrange: degrees of freedom and generalized 
coordinates; total energy in Cartesian rectangular 
coordinates; transformation of total energy to 
generalized coordinates; the differential equa- 
tions of motion by the method of Lagrange; 
selected problems for solution—free particle, 
harmonic oscillator, simple pendulum, conical 
pendulum, ideal Atwood’s machine. 


LABORATORY 


The laboratory consists of twenty-four ex- 
periments designed to be completed in thirty 
three-hour laboratory periods. Most of the 
apparatus is available generally even in small 
physics laboratories. Special apparatus required 
can be constructed easily with shop facilities of 
the simplest kind. Apparatus for some experi- 
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ments was adapted from government surplus 
equipment. 

The experiments are listed: 

1. The simple pendulum: adapted from two 
experiments described in this journal. Refer to 
(1) and (2) in the list of useful articles. 

2. Coupled pendulums: refer to (3) in the list 
of useful articles. 

3. The cathode-ray oscillograph: use of the 
oscillograph as a laboratory instrument; phase 
and frequency comparison; calibration as a 
voltmeter. 

4. The index of refraction of a prism: use of 
the Gauss’ eyepiece; adjustment of the spectrom- 
eter; determination of the index of refraction 
of a prism for selected wavelengths. 

5. Index of refraction of transparent sub- 
stances: determination of the index of refraction 
with a traveling microscope; determination of 
the index of refraction of liquids by the method 
of total reflection using the spectrometer and 
two like prisms. 

6. Constant-deviation spectrometer: measure- 
ment of the wavelengths of lines in helium, 
hydrogen, and mercury spectra; spectral series 
by the Bohr theory; Cauchy dispersion formula. 

7. Thin lenses: focal lengths of converging 
and diverging lenses; index of refraction of the 
lens from spherometer measurements; object- 
image distances; magnification. (Both Gaussian 
and Newtonian formulas are used in this ex- 
periment.) 

8. Lens systems and the thick lens: the nodal 
slide; location of cardinal points; image-object 
relation; transverse magnification. (The New- 
tonian equation is used exclusively.) 

9. The plane diffraction grating: measure- 
ment of wavelength; resolving power of grating; 
dispersion of grating. 

10. Lens testing on a student spectrometer: 
Refer to (17) in the list of useful articles. 

11. The Michelson interferometer: adjust- 
ment of the interferometer; measuring the thick- 
ness of a thin sheet of transparent material. 

12. Measurement of wavelength with a Fresnel 
biprism and with Fresnel’s mirrors: the eyepiece 
micrometer; measurement of the angular sep- 
aration between the virtual sources produced 
by the biprism ; adjustment of the Fresnel mirrors; 
measurement of wavelengths. 
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13. Production of electromagnetic oscillation: 
vacuum-tube oscillators utilizing conventional 
tuned LC, transmission line, and cavity-type 
resonance circuits; effect of a change in the cir- 
cuit tuning on the frequency of oscillation. 

14. Oscillation characteristics of a reflex kly- 
stron (723A/B): output of the oscillator for 
various shell voltages as the repeller voltage is 
varied. 

15. Wavelength and frequency measurements 
in the microwave region of 3 and 10 cm: wave- 
length in the guide; wavelength in air; radio 
fading simulated at 10 cm. 

16. Electric field in a circular aperture for 
wavelengths of 3 and 10 cm: variation of the 
E field for both planes of polarization. 

17. Diffraction pattern for various apertures 
at wavelengths of 3 and 10 cm: exploration of 
the field behind single slots, multiple slots; 
square and circular apertures; Babinet’s prin- 
ciple. 

18. Interference of radiation from two-point 
sources of wavelength 10 cm. 

19. Lecher wires: inductance and capacity 
of lines; standing waves on a Lecher wire system; 
open lines; short circuit lines; frequency of 
oscillation. 


20. Antenna arrays: parasitic antennas; pat- 
terns with a single parasitic element; patterns 
with several elements. 

21. Velocity of sound: Kundt’s apparatus; 


vibrating string (sonometer); Melde’s experi- 
ment. 


22. Acoustical resonators: resonators with mul- 
tiple openings; resonance with a bottle. 

23. The vacuum photoelectric tube: charac- 
teristics of the tube; color response. 

24. Laue x-ray diffraction: refer to (22), 
(23), (24), and (25) in the list of useful articles. 


DEMONSTRATIONS 


The following experiments are done as class- 
room demonstrations and are designed to illus- 
trate certain aspects of instruction rather than 
to produce sensational effects. 

1. Dependence of the period of a pendulum 
upon the amplitude of the oscillation. 

2. Response of series RLC and transformer- 
coupled circuits to ‘‘square waves’’ of voltage. 
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3. Lissajous figures produced electrically and 
mechanically. 

4. Beats and modulation. 
5. Aberrations of lenses. 


6. Interference patterns of various apertures 
and obstacles. 


7. Polarization of electromagnetic waves. 


8. Passage of electromagnetic waves through 
dielectric sheets. 


9. Focusing of electromagnetic waves. 
10. Radiation pattern of horns. 


USEFUL ARTICLES 


The American Journal of Physics is a rich 
source of material for a course such as outlined. 
Following is a list of articles used as a basis for 
experiments, demonstrations, and classroom 
discussions which is of continuing usefulness. 
Articles are listed approximately in the order 
in which they are used. 


1. Philip A. Constantinides, ‘‘An experimental study 
of simple harmonic motion.”’ Am. J. Phys. 7, 417 (1939). 

2. Albert Burris and W. J. Hargrave, “A simple pendu- 
lum energy experiment,” Am. J. Phys. 12, 215 (1944). 

3. Leonard O. Olsen, ‘‘Coupled pendulums: an advanced 
laboratory experiment,” Am. J. Phys. 13, 321 (1945). 

4. Gwilym E. Owen, ‘‘The frequency produced by the 
combination of two vibrations of nearly equal frequency,” 
Am. J. Phys. 7, 177 (1939). 

5. Robert W. Leonard, ‘‘An interesting demonstration 
of the combination of two linear harmonic vibrations to 
produce a single elliptical vibration,’’ Am. J. Phys. 5, 175 
(1937). 

6. H. N. Walker and P. Greensteen, “Direct current 
transients with the square wave generator,’’ Am. J. Phys. 
10, 198 (1942). 

7. L. B. Ham, ‘Loudness and intensity,” Am. J. Phys. 
9, 213 (1941). 

8. Herbert Jehle, ‘‘Phase and group velocity,” Am. J. 
Phys. 14, 47 (1946). 

9. S. Millman and M. W. Zemansky, ‘‘Wave velocities 
in elementary physics,’’ Am. J. Phys. 13, 250 (1945). 

10. Francis E. Fox, ‘“‘Demonstration of the Doppler 
effect,”” Am. J. Phys. 12, 228 (1944). 

11. G. F. H. Harker, ‘‘Doppler effect when both source 
and observer are in motion,” Am. J. Phys. 12, 175 (1944). 

12. J. O. Perrine, ‘‘The Doppler echo and Doppler 
effect,” Am. J. Phys. 12, 23 (1944). 

13. Harold K. Schilling, ‘‘Acoustic experiments in the 
teaching of optics,’”” Am. J. Phys. 6, 156 (1938). 

14. Wesley M. Roberds, ‘‘Some simple experiments on 
optical resolution,’’ Am. J. Phys. 5, 182 (1937). 

15. F. A. Molby, “Diffraction of light, an experimental 
demonstration,” Am. J. Phys. 5, 78 (1937). 
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16. Lawrence E. Kinsler, “Imaging of underwater 
objects,” Am. J. Phys. 13, 255 (1945). 

17. Everett F. Cox, ‘“‘Lens testing on a student spectrom- 
eter,” Am. J. Phys. 6, 153 (1938). 

18. Arthur S. Jensen, ‘‘Lens aberrations—a classroom 
demonstration,’”’ Am. J. Phys. 13, 113 (1945). 

19. C. L. Andrews, ‘‘Graph of the lens equation in three 
variables,’’ Am. J. Phys. 11, 292 (1943). 

20. J. H. McMillen, ‘‘A course in applied spectroscopy,”’ 
Am. J. Phys. 11, 126 (1943). 

21. Gordon Ferrie Hull, Jr., ‘‘Experiments with UHF 
waveguides,” Am. J. Phys. 13, 384 (1945). 

22. A. H. Weber, J. F. McGee and K. F. Gerhard, 
‘An undergraduate experiment in Laue x-ray diffraction,” 
Am. J. Phys. 5, 279 (1937). 

23. A. P. R. Wadlund, “‘A portable Laue spot camera,” 
Am. J. Phys. 6, 103 (1938). 

24. William R. McMillan, ‘Equipment for elementary 
Laue x-ray studies,”” Am. J. Phys. 13, 327 (1945). 

25. Willis C. Campbell, ‘‘A simple x-ray diffraction 
camera,” Am. J. Phys. 15, 409 (1947). 

26. Arthur H. Compton, ‘‘The scattering of x-ray pho- 
tons,” Am. J. Phys. 14, 80 (1946). 

27. Austin J. O’Leary, ‘“‘Two elementary experiments 
to demonstrate the photoelectric law and measure the 
Planck constant,” Am. J. Phys. 14, 245 (1946). 

28. W. V. Houston, ‘“‘The physical content of quantum 
mechanics,” Am. J. Phys. 5, 49 (1937). 


BOOKS 


Because no textbook is used, it is necessary 
that a sufficient number of books be available 
to provide both collateral reading assignments 
and supplementary reference material. A large 
number of excellent books is currently available. 
The list that follows, adequate for the above 
purpose, may be readily modified or extended. 


1, Arguimbau, Vacuum Tube Circuits (John Wiley & 
Sons, Inc., New York, 1948). 

2. Bergmann, Ultrasonics (John Wiley & Sons, Inc., New 
York, 1948). 

3. Bohm, Quantum Theory (Prentice-Hall, Inc., New 
York, 1951). 

4. Born, Atomic Physics (G. E. Stechert & Company, 
New York, 1936). 

5. Bronwell and Beam, Theory and Application of 
Microwaves (McGraw-Hill Book Company, Inc., New York, 
1947). 

6. Carlin, Ultrasonics (McGraw-Hill Book Company, 
Inc., New York, 1949). 

7. Churchill, Fourier Series and Boundary Value Pro- 
blems (McGraw-Hill Book Company, Inc., New York, 1941). 

8. Dushman, The Elements of Quantum Mechanics 
(John Wiley & Sons, Inc., New York, 1938). 

9. Emery, Ultra-High Frequency Radio Engineering 
(Macmillan Company, New York, 1944). 

10. Hildebrand, Advanced Calculus for Engineers (Pren- 
tice-Hall Inc., New York, 1949). 
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11. Jauncey, Modern Physics (D. Van Nostrand and 
Company, Inc., New York, 1937). 

12. Jenkins and White, Fundamentals of Optics (Mc- 
Graw-Hill Book Company, Inc., New York, 1950) 

13. Jordon, Electromagnetic Waves and Radiating Systems 
(Prentice-Hall, Inc., New York, 1950). 

14. Kinsler and Fry, Fundamentals of Acoustics (John 
Wiley & Sons, Inc., New York, 1950). 

15. Lass, Vector and Tensor Analysis (McGraw-Hill 
Book Company, Inc., New York, 1950). 

16. Leprince Ringuet, Cosmic Rays (Prentice-Hall, Inc., 
New York, 1950). 

17. Lindsay, Concepts and Methods of Theoretical Physics 
(D. Van Nostrand and Company, Inc., 1951). 

18. Lindsay, Physical Mechanics (D. Van Nostrand and 
Company, Inc., New York, 1933). 

19. Marchand, Ultra-High Frequency Transmission and 
Radiation (John Wiley & Sons, Inc., New York, 1947). 

20. MIT Radar School Staff, Principles of Radar 
(McGraw-Hill Book Company, Inc., New York, 1946). 

21. Monk, Light (McGraw-Hill Book Company, Inc., 
New York, 1937). 

22. Page, Introduction to Theoretical Physics (D. Van 
Nostrand and Company, Inc., New York, 1935). 

23. Ramo, Introduction to Microwaves (McGraw-Hill 
Book Company, Inc., New York, 1945). 

24. Richardson, Sound (Longmans, Green and Company, 
New York, 1947). 
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25. Robertson, Introduction to Physical Optics (D. Van 
Nostrand and Company, Inc., New York, 1941). 

26. Rojansky, Introductory Quantum Mechanics (Pren- 
tice-Hall, Inc., New York, 1942). 

27. Sarbacher and Edson, Hyper and Ultra-High Fre- 
quency Engineering (John Wiley & Sons, Inc., New York, 
1943). 

28. Sears, Principles of Physics, III (Optics) (Addison- 
Wesley Press, Inc., Cambridge, Massachusetts, 1948). 

29. Skilling, Fundamentals of Electric Waves (John Wiley 
& Sons, Inc., New York, 1948). 

30. Sokolnikoff, Advanced Calculus (McGraw-Hill Book 
Company, Inc., New York, 1939). 

31. Sokolnikoff and Sokolnikoff, Higher Mathematics 
for Physicists and Engineers (McGraw-Hill Book Com- 
pany, Inc., New York, 1940). 

32. Stewart and Lindsay, Acoustics (D. Van Nostrand 
and Company, Inc., New York, 1930). 

33. Stranathan, The ‘‘Particles’ of Modern Physics 
(The Blackiston Company, Philadelphia, Pennsylvania, 
1942). 
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The [ancient] atomists and their ideas did not emerge suddenly out of nothing, they were pre- 


ceded by the great development that began with Thales of Miletus (floruit 585 B.C.) more than a 
century earlier; they continue the awe-inspiring line of Ionian physiologoi. Their immediate prede- 
cessor in this line was Anaximenes, whose principal doctrine consisted in underlining the all- 
importance of ‘‘rarefaction and condensation.”’ From a careful consideration of everyday experience 
he abstracted the thesis that every piece of matter can take on the solid, the liquid, the gaseous and the 
‘‘fiery’’ state; that the changes between these states do not imply a change of nature, but are brought 
about geometrically, as it were, by the spreading of the same amount of matter over a larger and 
larger volume (rarefaction), or—in the opposite transitions—by its being reduced or compressed ' 
into a smaller and smaller volume. This idea is so absolutely to the point that a modern introduc- 
tion into physical science could take it over without any relevant change. Moreover it is certainly 
not an unfounded guess, but the outcome of careful observation. 

If you try to assimilate Anaximenes’ idea, you naturally come to think that the change of proper- 
ties of matter, say on rarefaction, must be caused by its parts receding at greater distances from 
each other. But it is extremely difficult to accomplish this in your imagination, if you think of 
matter as forming a gapless continuum.—E. SCHRODINGER, Scierce and Humanism (1951). 
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This is a brief review article on conductivity crystal counters in which their main properties 


and basic principles of operation are described. Their present position in the field of nuclear in- 
strumentation is discussed, it being concluded that there are still many serious problems to be 
solved before the counters can be of practical use. Some of these problems and the present 


methods of tackling them are surveyed. 


HE recent interest in conductivity crystal 

counters! started in 1945 when van 
Heerden published a thesis? describing the 
successful detection of single a-particles and 
y-photons by single crystals of silver chloride. 
This new method of detecting nuclear particles 
immediately received much attention and there 
quickly followed numerous publications giving, 
mostly, the qualitative results of searches made 
- in the hope of finding the most suitable crystals 
for use as counters. It soon became apparent, 
however, that the counting efficiencies and 
sensitivities of crystals varied considerably from 
specimen to specimen of the same substance. 
Also, it was found that the charge pulses caused 
by prolonged exposure to ionizing radiations 
grew smaller as the bombardment proceeded. 
Probably these effects are mainly responsible 
for the fact that conductivity crystal counters 
have not yet become the useful research tool 
that they initially promised to be. 






MECHANISM OF THE CRYSTAL COUNTER 


In order to understand some of the factors 
governing the behavior of a crystal counter it is 
necessary to describe its mechanism. It is most 
convenient to use the the energy-band diagram 
as shown in Fig. 1 where A represents the outer- 
most completely full electronic energy band 
associated with the insulating crystal, and B is 
the next higher band which is normally com- 
pletely empty. As there are normally no vacant 


*N.R.C. No. 2671. 
¢ National Research Laboratories Postdoctorate Fellow. 
1 Detailed review articles on this subject have been 
written by R. Hofstadter: Nucleonics 4, No. 4, 2 (1949); 


4, No. 5, 29 (1949); and Proc. Inst. Radio Engrs. 38, 726 


(1950). 
2P. J. van Heerden, Utrecht dissertation, 1945. See 
Physica 16, 505 and 517 (1950). 
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levels in A, electronic conduction cannot take 
place. If, however, an electron is removed from A 
thereby leaving behind a ‘‘positive hole” at C, 
it might be possible for an electron in a neigh- 
boring level in the band A to occupy the vacant 
site, thus leaving a new hole in its previous level. 
By continued repetitions of this process, the 
positive hole can be regarded as migrating 
through the crystal lattice. In some crystals, 
for example, diamond, this effect is known to 
take place, through in others, such as AgBr, the 
holes are stationary. 

The electron that was ejected from C may 
reach the conduction band B in which case it 
is completely free to wander through the crystal 
lattice. The effect of placing an electric field 
across the crystal will be to make the free elec- 
tron move in the general direction of the anode 
and similarly, the positive hole will move to- 
ward the cathode. 


ELECTRIC FIELD 



































Fic. 1. The energy-band scheme for an insulating crystal 
showing diagrammatically the basic processes that take 
place in a crystal counter. 
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CONDUCTIVITY CRYSTAL COUNTERS 


Basically, the action of the counter can now 
be given. An ionizing radiation will create elec- 
tron-hole pairs, which under the influence of an 
electric field will separate, the electrons moving 
towards the anode; if the holes move, they will 
drift towards the cathode. This movement of 
charges in the crystal will cause changes in the 
charges induced on the electrodes which, after 
suitable amplification, can be recorded as a 
charge pulse. 

In the ideal crystal the electrons and holes 
will move until they meet the metal electrodes, 
the electrons entering the anode and the holes 
recombining with an electron from the cathode 
(assuming favorable potential conditions at the 
junctions). If the holes do not move a positive 
space-charge field will form in the crystal as the 
bombardment proceeds. This simple picture 
must now be modified as in practice no crystal 
is ideal. Chemical impurities may be present and 
there can also be physical imperfections in the 
periodicity of the lattice. Examples are: (i) 
foreign ions or an excess of one of the components 
of the lattice; these can occupy either ordinary 
lattice sites or interstitial positions, (ii) vacant 
lattice sites, which can also be occupied by 
electrons (F- and F’-centers), (iii) cracks, dis- 
location planes, regions of mechanical strain, 
or boundaries between the microscopic mosaic 
blocks that sometimes make up a crystal as a 
whole. In Fig. 1, the effect of impurities may 
often be represented by local discrete energy 
levels at D with associated excitation levels at 
E. The effect of imperfections can be represented 
by local discrete levels at F which are normally 
vacant. With these added complications various 
processes are now possible. In wandering through 
the lattice, the positive hole may meet an im- 
purity center D where it can become trapped 
by attracting an electron from the center to the 
band A. It is also probable that crystal imper- 
fections can end the wanderings of a hole. Simi- 
larly, an electron in the conduction band can 
either (i) meet and combine with another posi- 
tive hole, (ii) jump into a vacant excitation 
level E and hence to the ground state, possibly 
emitting a light quantum in doing so, or (iii) 
become held in a trapping state. 

Concluding, the fate of freed electrons and 
holes can be either: (i) to reach the electrodes, 


Fic. 2. Diagram of the case where the incident radiation 
travels parallel to the electrodes. The distances A_ and 


Ay represent the mean distances traveled by the electrons 
and the positive holes, respectively. 


(ii) to recombine with other holes and electrons 
after wandering for some distance, or (iii) to 
reach trapping states situated throughout the 
crystal lattice. 


FORMULATION OF THE COUNTER 
CHARACTERISTICS 


It is informative to formulate how the ob- 
served pulse height caused by a particle of given 
energy depends on the applied field and the 
physical condition of the crystal, the crystal 
being considered as free from any space charge 
fields. Only the case shown in Fig. 2 will be dealt 
with, where the incoming particle travels in a 
direction perpendicular to the electric field and 
produces ionization in a region approximately 
parallel to the electrodes. The second case where 
the ionizing particle travels parallel to the field 
can be dealt with in an analogous manner. Let 
the electron-hole pairs be formed at a‘distance 
x from the anode. Owing to the traps existing 
in the crystal (their spatial distribution is as- 
sumed to be homogeneous), the electrons and 
holes will drift varying distances towards the 
electrodes. Let X_ and A; represent the mean- 
free paths of the electrons and holes respectively, 
with reference to trapping centers. Then 


A= RLF and Ay =k, Fr, (1) 


where k_, k, are the drift mobilities of the elec- 
trons and holes, F is the applied field, and 7_, r+ 
are the mean free times spent by the electrons 
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Fic. 3. The theoretical variation of the pulse height q 
with applied field strength (A/d is directly proportiona 
to the field) for the case where all the ionization occurs 
close to an electrode. 


and holes before being trapped. If all the elec- 
trons and holes terminate their paths inside the 
crystal, it can be shown that the charge pulse 
recorded is then 


q=ne(A++A_)/d, (2) 


where m is the number of electron-hole pairs 
formed, e is the electronic charge, and d is the 
separation between the electrodes. If all the 
electrons and holes reach the electrodes, the 


charge pulse is g=ne. However, in practice, the 
intermediate case usually exists where only some 
of the electrons and holes reach their respective 
electrodes. In this case, it can be shown that the 
new mean-free paths \_ and i, are now given by® 


h_=A_[1 —exp(—x/d_)], 
AL=A4f1 —exp[ —(d—x)/d,]}. 


Hence, the recorded pulse height is given by 


q(d/ne) =d_[1 —exp(—x/d_) ] 
+A, {1—exp[—(d—x)/d4]}. (3) 


The general conclusions that can be drawn 
from this equation are that: (i) for a constant 
value of x, the pulse height is proportional to 
the number of electron-hole pairs formed and 
is therefore most likely to be proportional to the 
energy lost in the crystal by the ionizing radia- 
tion, (ii) if x is small, the charge pulse is caused 
mainly by the motion of the positive holes and 
vice versa if xd. This case also occurs when 
radiation of very low penetrating power strikes 

3N. F. Mott and R. W. Gurney, Electronic Processes in 


~~ Crystals (Oxford University Press, New York, 1948), 
p. 122. 


the crystal through the electrodes and conse- 
quently, separate studies can be made of the 
motion of the electrons and holes simply by 
reversing the field. This technique has been used 
with success by McKay.‘ Figure 3 shows the vari- 
ation of pulse height with applied field strength 
for the case where the ionization occurs close to 
an electrode (the parameter \/d being directly 
proportional to the applied field). Then 


q/ne= (A3./d)[1 —exp(—d/dx) ]. (4) 


It is seen that when d is rather larger than the 
crystal dimension d, the pulse height is roughly 
independent of the field. 

By inspection of Eqs. (3) and (4) it is clear 
that the optimum pulse height is obtained when 
the mean-free paths A_, Ay are a maximum and 
also, when 7 is as large as possible, i.e., when all 
the energy of the incoming particle is used up 
in creating free electrons and holes. As the suc- 
cess or failure of a crystal counter is decided 
mainly by the factors affecting these quantities 
it is advantageous to consider them in more 
detail. 


THE REQUIREMENTS OF COUNTING CRYSTALS 


The mean-free path of an electron with re- 
spect to trapping centers (A) is directly related 
to the mean-free path with respect to the lattice 
vibrations (/) by the equation® 


\/F=el/6kTPo, (5) 


where T is the absolute temperature, & is Boltz- 
mann’s constant, P is the density of trapping 
states, and oa is the cross section for electron 
trapping. Estimates of / can be made for various 
crystals using the theory of Fréhlich and Mott® 
and, assuming somewhat arbitrary values for 
the other quantities in the equation, estimates 
of \ can be made. This has been done by Hof- 
stadter' and his results are listed in Table | 
(all at 77°K). The first three crystals in the 
table have been observed to count; but in spite 
of an intensive investigation, Hofstadter has 
not had any success with LiF. However, follow- 
ing Hofstadter, the statement that ‘‘a certain 


4K. G. McKay, Phys. Rev. 74, 1606 (1948); and 77, 
816 (1950). 

5 See reference 3, p. 131. 

6 H. Frohlich, and N. F. Mott, Proc. Roy. Soc. (London) 
A171, 496 (1939). 
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crystalline substance will not detect ionizing 
radiation” must be qualified considerably. Many 
factors may be present that can affect the 
counting properties to an unknown extent; for 
example, ‘‘(i) the material may neither be a 
single crystal nor made up of large crystal blocks, 
(ii) impurities may be present, (iii) an amplifier 
may have been used which does not furnish the 
optimum signal-to-noise ratio, allowing pulses 
to be masked by the thermal noise of the ampli- 
fier, (iv) particular conditions, such as annealing, 
low temperature, good electrode contact, good 
surfaces, absence of polarization, etc., may not 
be attainable under the conditions of the ex- 
periment, (v) unsuspected crystal imperfections 
and trapping centers may exist, (vi) the ‘right’ 
particle to give the largest pulse may not have 
been used,’”’ since the response may vary con- 
siderably according to the character of the 
ionizing radiation. 

From the above remarks and an inspection of 
Eq. (5) it is obvious that the values of P and o 
will have a large bearing on the counter be- 
havior. Comparatively little is known about 
the nature of trapping states in crystals, especi- 
ally as regards their trapping cross section. 
However, the density of traps possibly varies 
considerably with the degree of imperfection 
of the crystal. Consequently, efforts to make the 
crystal less imperfect have been made, meeting 
with a fair amount of success. There are reports 
of freshly made crystals showing no response 
at all to ionizing radiations until after they have 
been given suitable heat treatment thereby 
removing to a certain extent some of the me- 
chanical strain formerly present.? As regards 
the presence of foreign impurities as trapping 
centers, it seems necessary, in general, to keep 
them to a minimum. However, successful re- 
sults have been obtained with mixed crystals of 
(i) LiBr and AgBr, (ii) NaCl and AgCl (up to 
as much as 15 percent by weight of NaCl) and 
(iii) TIBr and TII.! It might also be noted that 
van Heerden obtained a much better response 
in AgCl crystals when exposed to a-particles 
after a new surface had been uncovered by 
turning off the old in a lathe. 

We turn now to a consideration of n, the 


7R. Hofstadter, Phys. Rev. 72, 1120 (1947). 
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number of electron-hole pairs formed. The in- 
cident energy may be given up to the crystal by 
various processes: (i) in creating free electrons 
and holes, (ii) by radiation in the lattice field, 
(iii) in creating excitons, and (iv) in creating 
phonons when there is efficient coupling be- 
tween the particle energy and the acoustic 
vibrational modes of the crystal lattice. Thus, 
when a crystal has not been found to detect 
radiation (even though it apparently has a suit- 
able mean-free path for electrons, as in the case 
of LiF), it is possible that much of the particle 
energy is being used up in creating excitons or 
phonons. An exciton may be considered as a 
partially ionized electron-hole pair that is free 
to wander through the lattice and can therefore 
transfer energy but not charge. The fate of an 
exciton may be: (i) to recombine, or (ii) to give 
up its energy in creating a free electron and hole 
at some point in the lattice where suitable condi- 
tions occur (for example, an impurity center). 
Clearly, such additional processes can greatly 
complicate the action of the counter, and as yet 
there is no theoretical treatment whereby any 
estimate may be made of the energy that is 
eventually used in creating free electrons and 
holes. Experimentally, it has been found so far 
that even in the most favorable cases, as much 
as half of the incident energy is used up in pro- 
cesses other than the creation of free electrons 
and holes. 


KNOWN COUNTING SUBSTANCES 


It will be appreciated that because of the de- 
tailed requirements that must be fulfilled if a 
crystal is to be suitable for use as a counter, it 
is by no means simple to predict whether a given 
substance will respond. Consequently, the 
searches made so far for counting materials have 
been almost entirely empirical. Large numbers 
of crystals have been tried, particularly by 


TABLE I. Mean free paths of electrons in various halide 
crystals (all at 77°K). 


r 


Substance (cm) Substance (cm) 
AgCl 11.0 KCl 0.28 
AgBr 2.1 KBr 0.07 
TIBr 6.2 NaCl 0.60 
LiF >10.0 
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Ahearn,’ though the number of successful sub- 
stances is relatively few. Such statements, of 
course, must always be qualified in view of the 
remarks made earlier. For example, for some 
time crystals of NaCl and S had been investi- 
gated without success until recently. Van Heer- 
den, in his original paper, reported negative re- 
sults with diamond. Since then, however, this 
substance has been found to be one of the best 
for counting purposes. It will suffice then to give 
here only a list of those materials which have 
been found to show any marked response to 
radiations; they are: AgCl,*,* AgBr,'® TIBr—TII 
(mixed crystals),? NaCl," ZnS,” diamond,* 83>!" 
S,'8 CdS,!** and solid and liquid argon.**:*4 
Effects have been observed in several other sub- 
stances though too small to be useful. Finally, 
germanium semiconducting crystals have been 
shown to be useful under certain conditions.”® 
Some of the more interesting features of various 
crystals will now be described. 

Silver and thallium halides were among the 
first successful counters. Crystals prepared 
synthetically have to be very pure and free from 
strain in order to count. Too high an impurity 
content can give rise to an electronic con- 
ductivity. Since at room temperatures, electro- 
lytic conductivity can also take place, the 
counters can only be used at low temperatures 
and this is obviously a serious practical handicap. 
AgCl crystals have been reported to respond to 
a- and £-particles, y- and x-photons. Using a 
mixed crystal of LiBr and AgBr, neutrons have 


8 A. J. Ahearn, Phys. Rev. 75, 1966 (1949). 

® Hofstadter, Milton, and Ridgway, Phys. Rev. 72, 
997 (1947). 

10K, A. Yamakawa, Phys. Rev. 82, 522 (1951). 

1H. Witt, Z. Physik 128, 422 (1950). 

#2 A, J. Ahearn, Phys. Rev. 73, 523 (1948). 

13 Wooldridge, Ahearn, and Burton, Phys. Rev. 71, 
913 (1947). 

14 Friedman, Birks, and Gauvin, Phys. Rev. 73, 186 (1948). 

1 A, G. Chynoweth, Phys. Rev. 76, 310 (1949). 

1% R. K. Willardson and G. C. Danielson, Phys. Rev. 
77, 300 (1950). 

17 A, G. Chynoweth, Phys. Rev. 83, 254 (1951); 83, 
264 (1951). 

18 M. Georgesco, Compt. rend. 228, 383 (1949). 

19 R. Frerichs, Phys. Rev. 76, 1869 (1949). 

20 R. Frerichs, Phys. Rev. 72, 594 (1947). 

21H. Kallman and R. Warminsky,- Ann. Physik. 4, 
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2. R. Frerichs and R. Warminsky, Naturwiss. 33, 251 
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(1948); 77, 706 (1950). 
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*°K, G. McKay, Phys. Rev. 76, 1536 (1949). 
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been successfully detected using the Li(n, a) 
reaction to liberate an a-particle inside the 
crystal.?6 

ZnS has been shown to detect a-particles, 
though this work has not been followed up. On 
the other hand, considerable investigation has 
been made into the counting properties of dia- 
mond. Both of these crystals have the advantage 
that they can be used at room temperatures. 
Diamond has been shown to detect a- and 6-rays 
and also y-photons. Obviously, only natural 
specimens have been used and consequently, 
the purity and physical perfection varies greatly 
between crystals. The counting properties also 
vary considerably from specimen to specimen. 
In the past a considerable amount of investi- 
gation into the physical properties of diamond 
has been made. It has been customary to divide 
diamonds according to their properties into types 
I and IJ:? the type J diamonds strongly absorb 
ultraviolet radiation of frequency less than about 
3000A and infrared radiation of wavelength 
around 8, and they exhibit very little or no 
photoconductivity. On the other hand, type JJ 
diamonds are transparent to the 8y-radiation 
and also to the ultraviolet down to a wave- 
length of about 2250A. Further, they show a 
large photocurrent. Finally, it is of interest to 
add that from x-ray studies of diamond, Lons- 
dale has concluded that really good type J 
crystals show near perfection in their lattice 
structure whereas type JJ diamonds appear to 
be laminated or mosaic.” However, the boundary 
between the two types, if it exists at all, is very 
vague; in fact, most diamonds seem to be a 
mixture of the two types in varying proportions. 

There are two schools of thought as to the 
physical reasons for the varying properties of 
diamond. Hofstadter and others support the 
view that the imperfections in the crystal lattice 
are responsible for the differences. Raman, on 
the other hand, has proposed that the crystal 
can consist of the intermingling of tetrahedral 
and octahedral lattices, such intermingling 
giving rise to the variation in properties.*° It 


2K, A. Yamakawa, Phys. Rev. 75, 1774 (1949). 

27 Robertson, Fox, and Martin, Trans. Roy. Soc. (Lon- 
don) A232, 463 (1934). 

28 K. Lonsdale, Phys. Rev. 73, 1467 (1948). 

29C, V. Raman, ‘Symposia on diamond,” Proc. Indian 
Acad. Sci. 19A (1944); 24A (1946). 
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will suffice to say here that no definite conclu- 
sions have yet been reached and in particular, 
the reason for the variation in counting efficiency 
is still uncertain. There are only meager reports 
of attempts to correlate the counting efficiency 
with the other physical properties though in 
general it appears that type JJ crystals are the 
more efficient. Friedman, Birks, and Gauvin™ 
have claimed that the comparatively few dia- 
monds that are ultraviolet-transparent are 
likely to be better for detecting y-photons. 
Diamonds that respond to a-particles are more 
frequently found; though again, it is by no means 
certain why some crystals will detect a-particles 
and not y-photons. 

Cadmium sulfide crystals have received much 
attention on account of their remarkable pro- 
perties but it will be necessary to refer elsewhere 
for detailed descriptions. Kallman divides CdS 
crystals into two types: nonluminescent and 
luminescent. The nonluminescent crystals be- 
have in a similar fashion to the ordinary con- 
duction counter such as AgCl, the voltage pulse 
being of the same order of magnitude and ex- 
hibiting both a fast rise time and a rapid decay. 
The luminescent crystals, on the other hand, 
have been reported to give a voltage pulse of 
several volts when struck by a single a-particle, 
though the rise and decay times are very much 
longer than in the other type. The mechanism of 
such a counter must clearly be more elaborate 
than that described earlier and Kallman ex- 
plains it by postulating that electrons are free 
to remain in the conduction band for some con- 
siderable time. For this to happen he assumes 
that the positive holes left by electrons freed by 
heat or irradiation with light or charged particles 
are free to migrate and eventually become held 
in trapping centers. The free electrons that reach 
the anode may enter it since the Fermi level of 
the metal is usually a little lower than the lowest 
levels in the conduction band. As this process 
continues, a negative space charge will build up 
in the metal and a positive space charge in the 
adjacent parts of the crystal. This electrical 
double layer will reduce the potential energy 
of those electrons in the crystal near the elec- 
trodes and the process will reach equilibrium 
when the lowest level of the conduction band is 
at about the same level as the Fermi level of the 
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metal. On applying a field to the crystal, elec- 
trons will be able to pass freely across the elec- 
trode-crystal boundaries in both directions; 
in brief, the crystal is in a conducting condition. 
Excitation of the crystal by ionizing radiations 
can trigger off this current and consequently 
a relatively large charge pulse can ensue. The 
pulse can extend over an appreciable time (a 
conduction current has been observed more than 
0.1 sec after the original excitation using a- 
particles). This secondary current will eventually 
stop since some electrons will become trapped. 
CdS crystal counters have successfully detected 
a-, B-, and y-rays, and individual 45-kev x-ray 
quanta. 

The possibilities of using argon in both solid 
and liquid form have been investigated, response 
being obtained for a-, B-, and y-rays. In pure 
liquid argon electron trapping appears to be 
small and there is the further advantage that 
no polarization can occur. However, pulse heights 
for a-particles are not large since there is ap- 
parently considerable recombination in the 
region of ionization. The fact that the ionization 
density is not so great for y-rays probably ex- 
plains the relatively larger pulses in the latter 
case. In solid argon, Hutchinson found that 
the mean energy required to form an electron- 
hole pair by 8-particles was only 2 ev compared 
with 25 ev in liquid argon. It is unlikely that 
the energy gap is as low as this and Hutchinson 
assumes that multiplication is responsible for 
the low value. 


ADVANTAGES OF CONDUCTION COUNTERS 


The possible advantages that the crystal 
counter may possess over other types of nucleon 
detectors will now be considered. The important 
properties are: (i) stopping power, (ii) speed of 
response, (iii) proportionality, (iv) sensitivity, and 
(v) efficiency. Later, some of the disadvantages 
will be described. 

The advantages of the conductivity counter 
must be considered in comparison with the 
merits of gas-filled detectors or its close relative, 
the scintillation counter. We shall not consider 
indirect detection methods such as the photo 
graphic emulsion or the Wilson cloud chamber. 
The conduction counter may be regarded as the 
solid counterpart of the gas-filled ionization 
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chamber. Obviously, volume for volume, the 
stopping power of the solid counter is by far the 
greater and consequently, it is likely to be more 
suitable for the detection of radiation of high 
penetrating power (y-rays and high energy 
charged particles). For example, a 1-Mev £- 
particle can be stopped in one or two mm of 
crystal whereas its path length in air at atmos- 
pheric pressure is about 3 meters. Large pulses 
can be obtained even with y-rays in crystals a 
few mm thick. Thus the relatively high stopping 
power of the crystal for high energy radiations 
enables it to be used in a small volume (i.e., 
permits good geometry in experiments). How- 
ever, the same remarks apply equally well to 
the scintillation counter. 

The speed of response of the counter is mainly 
governed by the time spent by the freed electrons 
and holes before they reach the electrodes or 
become firmly trapped. When freed, the charges 
move in a kind of Brownian motion on which is 
superimposed a drift towards their respective 
electrodes. The mobility of an electron (or hole) 
is defined as its drift velocity in the direction 
of a unit electric field. Hence, the speed of collec- 
tion of the charges will increase with the field 
strength. This is true as long as the conditions 
are such that negligible trapping takes place. 
If, however, there is trapping, the value of the 
mobility (as obtained from measurements of the 
collection time) will depend very largely on the 
time spent by the charges in traps before being 
released to continue their journey towards the 
electrodes. The measured value of the collection 
time can then be described as: (time spent in the 
conduction band) plus (time spent in traps); 
that is, 


tnh=t&+th, say, 
or, 


x/RmPF =x/kRF+t:, 


where x is the distance from the region of initial 
creation of the free charge to the collecting elec- 
trode, and k, is the measured (i.e., apparent) 
value of the mobility. If t<t,, the measured 
mobility will correspond approximately to the 
true mobility of the conduction-band electron. 
If ¢,>t,, the measured mobility may be very 
small and consequently the collection time can 
become very long; it may take even seconds. 
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It is clear that erroneous results may easily be 
obtained by unsuitable time constants of the 
amplifier; the pulse may be blotted out altogether 
if the time constants are too short. Similar re- 
marks will apply to the collection of holes and 
consequently the total collection time will cor- 
respond to the time taken to collect the slower 
moving charges, whether they be the electrons 
or the holes. In most counting crystals, it appears 
that the measured mobilities are relatively 
high and time constants as short as 10-5 or 10-* 
sec can sometimes be used without fear of dis- 
torting the pulse shape. In one diamond speci- 
men, Pearlstein and Sutton®® have found the 
mobilities of electrons and holes to be 3900+ 
15 percent and 4800+20 percent cm?/sec volt, 
respectively. The reciprocal variation of the 
rise time with field strength has been verified 
by Yamakawa in AgBr!® showing that with the 
time constants used, ¢; is not important. Hence, 
solid conduction counters can have fast response 
times. Such characteristics are necessary in 
connection with high counting rates, coincidence 
counting, or in the resolution of events occurring 
at very short time intervals, for example, decay 
processes of nuclei. For instance, the decay of a 
u-meson has been resolved by Voorhies and 
Street.*! Returning to a reconsideration of the 
collection time it is seen that the time spent in 
traps plays an important part. It would appear 
that the response time of some counters could 
be decreased by reducing ¢,, perhaps by using 
heat or infrared illumination to eject the elec- 
trons from their traps more rapidly. However, 
a competing process may occur since, theoreti- 
cally, the mean-free path of electrons may 
decrease as the temperature increases. It is diffi- 
cult to predict exactly what the effect of temper- 
ature will be and it would certainly be interesting 
to carry out such experiments. 

If we assume that the number of free electrons 
and holes created is proportional to the energy 
lost by the ionizing radiation inside the crystal, 
so also will be the pulse height—that is, the re- 
corded response is directly proportional to the 
incident energy if the latter is given up entirely 


30. A. Pearlstein and R. B. Sutton, Phys. Rev. 79, 
907 (1950). 

31H. G. Voorhies and J. C. Street, Phys. Rev. 76, 
1100 (1949). 



















to the crystal. Such predictions have been 
verified to within experimental error in various 
crystals, notably AgCl? and diamond.!” However, 
though most pulses caused by a given energy 
are of about the same height there is often much 
“straggling’’ in their distribution, especially 
for a-particle counting. Van Heerden has suc- 
cessfully explained the recorded pulse-height 
distribution in the case of AgCl though there are 
often many unknown factors such as the vari- 
ation in sensitivity over the surface of the crystal. 
The property of proportional response is very 
useful in nuclear experiments. 

In a counter behaving in a normal manner, 
namely, free from such complications as elec- 
tron multiplication or semiconductor action, 
the lower energy limit to the sensitivity is deter- 
mined by the width of the energy gap, of the 
order of a few electron-volts. It is found that 
the mean energy required to create an electron- 
hole pair is usually up to twice the width of the 
energy gap as found from optical absorption 
measurements. In gases, the energy required 
to create an ion-pair is of the order of 30 ev and 
consequently, solid counters can be expected to 
be the more sensitive by a factor of from 5 to 10 
for a given incident energy. This means that 
with the present electronic techniques, the 
minimum detectable energy is of the order of 
a few kilovolts. The Geiger counter can do much 
better than this. 

There are very few reports describing the effi- 
ciency of the response of the solid counter though 
it has been noted that the counting rate ap- 
proaches a saturation value as the field strength 
is increased. For diamond, Ahearn has given a 
figure of 60 percent efficiency for response to 
a-particles though the efficiency can vary con- 
siderably over different parts of the same crystal; 
“maps” showing this variation have been made 
by Ahearn. However, for y-rays, the efficiency 
of the solid counter can be up to a hundred times 
greater than that of the Geiger counter. 

Summarizing, the useful properties of a solid 
conduction counter can be listed: (i) its high 
stopping power makes it useful for detecting 
radiation of high penetrating power and for use 
in a small volume, (ii) its fast response speed 
makes it suitable for high counting rates and the 
resolution of nuclear events at intervals greater 
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than about a microsecond, (iii) the output pulse 
height is proportional to the incident energy, 
(iv) its sensitivity and efficiency are relatively 
high, especially for. y-rays, (v) it needs no 
“window’’. Finally, the counter has been found 
to be suitable for the detection of single a- and 
8-particles, y- and x-photons, and neutrons. 
However, all these advantages which make the 
counter potentially more useful than gas-filled 
detectors are shared by the scintillation crystal 
counter. In recent years the latter has become 
a standard detector for use in nuclear experi- 
ments while the conduction counter is still beset 
with certain disadvantages and practical limita- 
tions. Foremost amongst these is the formation 
of a space-charge field in the crystal as the 
bombardment by ionizing radiations proceeds. 
other disadvantages are: (i) only a few crystals 
can be used at room temperature, (ii) variations 
occur in counting efficiency from crystal to 
crystal and even in different parts of the same 
crystal, (iii) the nature of the surface of the 
crystal greatly affects the sensitivity to low 
energy radiations. 


ATTEMPTS TO OVERCOME THE SPACE 
CHARGE DIFFICULTY 


When electrons and holes migrate through the 
crystal some of them will become trapped before 
reaching the electrodes. These trapped charges 
will set up a space-charge field in opposition to 
the applied field which, as the bombardment 
proceeds, will grow larger until the resultant 
field in the crystal is reduced to a very low value. 
The formation of the space charge manifests 
itself in a steady falling off of the pulse heights 
(and consequently, the counting rate) caused by 
the bombarding particles. This space-charge 
problem has been encountered repeatedly in 
photoconductivity studies in crystals and it is 
well known that often the space charge may be 
removed by warming the crystal or illuminating 
it with infrared light in the absence of an electric 
field. Presumably, the action of heat or light is 
to eject the electrons and holes from their traps 
so that they are again free to wander through 
the crystal lattice. In doing so, some of the 
electrons and holes may recombine while the 
rest may intermingle and become trapped in a 
distribution such as to cause the net remaining 
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space charge field to become negligible. This 
procedure has been adopted by the author in 
the study of the diamond crystal counter;!? 
field pulses and light flashes were applied alter- 
nately to the crystal in a regularly repeated 
cycle. During the field pulse, charge pulses 
caused by #-rays were detected. During the 
subsequent brief, intense, white light flash in 
absence of the field, the space charge was dis- 
persed and the whole cycle could be repeated 
indefinitely, the counting rate remaining per- 
fectly steady. 

From elementary pictures of the action of 
the counter it would appear safe to illuminate 
some types of crystal permanently with infrared 
light simultaneously with the field. Any elec- 
trons and holes that become trapped should 
then be quickly released to continue their 
journey towards their respective electrodes, 
thus keeping the crystal free from space charge. 
Experiments along these lines with diamond 
crystals have been made by the author,'* Willard- 
son and Danielson,'® and Freeman and van der 
Velden.” Both a- and £-, as well as y-rays have 
been used. It has been found that the counting 
rate can be made to approach a steady value 
in this manner though curves of counting rate 
against time show very peculiar behavior before 
the steady state is reached. The observed vari- 
ations have not been explained in detail as many 
unknown factors can come into play. For in- 
stance, there is possibly more than one trap 
depth both for the electrons and the holes. Also 
there may be processes taking place similar to 
those that occur in the anomalous CdS crystals. 
However, such experiments may eventually 
lead to a practical conduction counter. 

Another method that has been used to over- 
come the space-charge difficulty is to apply 
alternating fields to the crystal. This method has 
been used by Wouters and Christian® for AgCl 
crystals and especially by McKay for diamond.‘ 
During the first half-cycle of the field, a space- 
charge field is set up and during the second 
half-cycle with the field reversed, an opposing 
space charge field will grow. McKay used a 60- 
cycle sinusoidal field and pulsed a high intensity, 


3% H. A. van der Velden and G. P. Freeman, Physica 
16, 493 (1950). 

3 L. F. Wouters and R. S. Christian, Phys. Rev. 72, 
1127 (1947). 





G. CHYNOWETH 





low energy electron beam onto the crystal for 
a few microseconds at both the crests and the 
troughs of the field. By slight adjustment of the 
relative lengths of the beam pulses at these two 
parts of the cycle, McKay showed that the 
crystal could be made virtually free from space 
charge at the end of each cycle since, if the field 
was then removed, no space charge bombard- 
ment current could be detected to within the 
sensitivity of his apparatus. 

All the above methods obviously limit the 
usefulness and ease of operation of a solid con- 
duction counter; consequently, it is relevant to 
point out that sometimes the counter can be 
operated in the normal manner with a steady 
applied field and in the dark in such a way as 
to minimize, though not remove, the effect of 
the space-charge field. Earlier, it was described 
how the curve of the pulse height against applied 
field showed a pronounced saturation when the 
mean free paths of the free electrons and holes 
became long compared with the dimensions of 
the crystal, a situation that occurs at high field 
strengths. Hence, using high applied fields, 
quite a large space-charge can form before there 
is any appreciable reduction in the pulse height 
and in this way quite a large number of particles 
can be counted before the crystal has to be 
“‘rejuvenated.”’ 


CONCLUSIONS 


From this discussion of solid conduction 
counters it will be seen that they cannot take their 
place yet as standard tools in nuclear physics 
largly on account of the formation of space- 
charge. As further developments take place 
this situation may become altered; suitable 
crystal substances having a trap density several 
orders of magnitude lower than those in use 
today may be found and these could be expected 
to show a much longer life. However, solid 
counter studies have shown a new way to in- 
vestigate the crystalline state. In particular, 
it has been indicated how the processes involved 
in the trapping and detrapping of holes and 
electrons and allied phenomena can be studied. 
Estimates can be made of trap densities, trap 
depths, and trapping and detrapping proba- 
bilities. Further, the theories of the behavior 
of free electrons and holes in crystal lattices 
can be checked to some extent. 
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When an emf, embedded in an electrically conducting medium, is measured by peripherally 


applied probe electrodes, the ratio of the measured potential drop to the total emf must be 
known. It is shown how this ratio can be obtained by computation. The specific case of an 


T is sometimes necessary to measure the mag- 

nitude of an emf located inside a body of es- 
sentially uniform electric conductivity. Such 
measurement can be effected by means of two 
probe electrodes applied to two suitable points 
of the periphery of the body, considered as two- 
dimensional in the following. 

One of the chief questions that arise in this 
connection is what fraction of the total emf E 
is measurable, if the probe electrodes are located 
some distance away from the source and sepa- 
rated from it by the electrically conducting 
medium. The latter acts as a relatively low 
parallel resistance across the emf, and since only 
a certain fraction of that resistance is accessible, 
it is important to know the ratio of the measur- 
able potential drop to the total emf. This ratio 
determines the sensitivity of the measuring 
instrument required for the purpose and also 
permits immediate calculation of the total emf 
from the measured potential drop. It is the solu- 
tion of this particular problem with which this 
paper is concerned. 

The solution of two-dimensional electric flow 
and potential patterns in conducting bodies can 
be solved experimentally by the tank method 
or by computation. In the present study the 
computational method was used. The computa- 
tion employed involved several approximations, 
but was considered sufficiently accurate for the 
purpose. 


THE ELECTROMAGNETIC METHOD 


In order to be specific, a particular case was 
considered. It may be looked upon as an il- 
lustration of a computational method of general 


electromagnetic blood flow meter is used as the basis of computation. 
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applicability. The particular case under con- 
sideration is the measurement of blood flow rate 
by means of the electromagnetic method. 

The electromagnetic method of measuring 
flow rate in a tube consists of applying a mag- 
netic field normal to the tube axis and a pair of 
probe electrodes normal to both the magnetic 
field and tube axis. Owing to induction, an emf 
E is produced between the electrodes; its mag- 
nitude in volts is 


E=10-*Hdl, (1) 


where H is the magnetic field in gauss, v the 
linear flow rate in cm/sec, and / the inside di- 
ameter of the tube in cm. This principle has 
found application both in engineering! and in 
medicine.* Concerning this latter, the method 
requires isolation of the blood vessel to be in- 
vestigated. 

This latter circumstance is an obvious draw- 
back, and a technique, permitting nonsurgical 
application of the principle, would have definite 
advantages. A technique of this kind would 
involve the application of both the magnetic 
pole pieces and the proble electrodes to the 
periphery of an extremity in which the venous 
flow is stopped by a tourniquet but the arterial 
flow is not. This latter is necessary; otherwise, 
emf’s from the arterial and venous flow would 
cancel each other. For about a minute from the 
application of the tourniquet the arterial flow 
rate due to the expansibility of the capillaries 

1J.S. Arnold, Rev. Sci. Instr. 22, 43 (1951). 

2A. J. Morris, and J. H. Chadwick, Transactions Am. 
Inst. Elec. Engrs. 70, 346 (1951). 


3K. E. Jochim, Methods in Medical Research 1, 108 
(1948). 
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Fic. 1. Schematic cross section of conducting body, 
as used for computation. 


remains essentially unaffected and this time 
should be sufficient to obtain the required infor- 
mation. 

For the following computation, the wrist was 
considered ; Fig. 1 shows an equivalent rectangle 
as its cross section. The size of the two arteries 
and their location along the vertical axis are to 
scale; their location along the horizontal axis 
was, for sake of simplicity, assumed to be sym- 
metrical. With the direction of H as shown, the 
emf is oriented along P,P:2, the two points P, 
and P. showing the positions of the probe elec- 
trodes. In case the arterial cross section is small 
compared with that of the surrounding tissue, 
it is possible to substitute for each induced emf 
a source and a sink as shown. The calculated field 
pattern deviates from the true field only in the 
immediate vicinity of the arteries; at any other 
location the two fields are similar. 


FLOW LINES 


Concerning the flow lines, we know that be- 
cause of symmetry of the field two short lines 
connect the positive poles with the negative ones; 
another group of lines go in the opposite direc- 
tion along the entire center line and the periphery 
as shown. Since the flow lines obey Laplace’s equa- 
tion, one can consider the pattern in the rec- 
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tangle P,P2AB as a boundary-value problem 
and develop the flow function v as a Fourier 
series. The side P2B is taken as the x axis with 
P, at x=0 and B at x=a/2. The side PP, is 
taken as the y axis with P, at y=0 and P, at 
y=b. The small separation of the source and 
sink is called ¢ and the section of b above the top 
source is called g. The value of v over the bound- 
ary is taken as zero, except over the two short 
sections c, where it is taken as unity. We then 
have for the flow function 


v= > mB exp(—mrx/b)+ N exp(mrx/b) ] 
Xsin(mry/b), (2) 
where m represents all odd positive integers 


starting from 1, and B and N are functions of m. 
The sum S of B and N is then given by 


S=(8/mr) sin(mmc/2b) sinma[(2g+c)/2b]. (3) 


The constants B and N can be calculated from 
the boundary conditions. For the numerical 
data as taken below, it may be shown that for 
m>=3, B is large compared to N. One obtains 
approximately 


Bz=S (4) 
and 
= —Sexp(—mr7a/b). (5) 
For m=1, one has for a/b =0.667 (see below) 


B=1.14S, 


La 


a2 0.4 0.6 08 2x 10 


Fic. 2. Flow function v as function of plane coordinates 
x and y (the latter as parameter, from 0.80 down). 


4L. A. Pipes, Applied Mathematics for Engineers and 


Physicists (McGraw-Hill Book Company, Inc., New 


York, 1946), p. 405. 
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and 
N=-—0.141S. 


It is now possible to evaluate the electric flow 
pattern. In order to do this, numerical values 
must be taken. The following set of values is in 
keeping with reality: a=4 cm, b=6 cm, c=0.3 
cm, and g=1.05 cm. The pattern was evaluated 
for the rectangle P,ACD, since the other three 
are the same. First v was calculated as a function 
of 2x/a, the ordinate y/b being the parameter. 
The family of curves so obtained is given in 
Figs. 2 and 3. By suitable transposition of these 
data, the flow pattern is obtained; Fig. 4 shows 
it for the rectangle P;A CD. The curves are lines 
v=const; the values of v are shown. The figure 
indicates one-quarter of the wrist cross section, 
the semicircle to the left representing one of the 
arteries. 


THE POTENTIAL FUNCTION 


The crowding of the lines near the center line 
P,P» shows qualitatively that the potential drop 
along the circumference P,ABP:2, which is 
measured by the probes, is relatively small. 
This potential drop can now be evaluated quanti- 
tatively. Let us denote the potential function by 
u and the direction along the periphery of the 
rectangle P,;ABP; by s. If the direction normal 
to the periphery toward the inside of the rec- 
tangle is 2, then, by Laplace’s equation 

(du/ds) = —(dv/dn). (6) 


Hence the potential difference between any two 


0.3 


Vv 


0.2 


O.l 


a 


0.2 0.4 0.6 0.8 2x/o 1.0 


Fic. 3. Flow function for parameters from 0.80 up. 


Fic. 4. Flow pattern in cross section of conducting 
body around one of the emf's. 


points 1, 2 along the periphery is given by the 
definite integral 


u12= -f (dv/dn)ds. (7) 


Since dv/dn is known by Eq. (2), the potential 
drops can be computed. 

In this manner the potential drop along the 
center line, except the short sections c, becomes 


UPp(2)Pa) =22 m(B—N)[(mr/4)S—1], (8) 
along each of the two sections of length a/2 
Up(yA= 2D mSL1—2 exp(—mma/2b)] = (9) 
and along the line AB, ‘ 
UAB=4). mS exp(—mna/2b). (10) 


The terms in Eqs. (9) and (10) are good approxi- 
mations for m= 3. For m=1, the term in Eq. (9) 
is 0.48S, and in Eq. (10) it is 1.605. 

What is needed is the external potential drop u, 
along the line P,ABP, in relation to the total 
drop along the entire circumference, which is 
identical with the generated emf E of Eq. (1). 
Carrying out the numerical computation, the 
relatively poor convergence of the series involved 
introduces a further approximation. With the 
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numerical data as taken, Eq. (8) yields the sum 
3.00, Eq. (9) yields 0.125 (this must be taken 
twice), and Eq. (10) yields 0.155. The total 
potential difference is then 3.40, and the periph- 
eral drop is 0.40; hence 


u./E=0.12, 


which shows that only about 12 percent of the 
total emf is measurable by the technique in 
question. 

The value of E may be estimated. A mag- 
netic field of about 3000 gauss is easily obtain- 
able from a small electromagnet and 5-cm air 
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gap. The length / in Eq. (1) is 0.6 cm. The linear 
blood flow can be estimated‘ to be about 8 cm/sec. 
According to these figures, E would be 150 micro- 
volts. Equation (11) then gives for u., the meas- 
urable potential, 17 microvolts as the expected 
order of magnitude. 

As pointed out earlier, a similar type of calcu- 
lation can be carried out for other analogous 
problems the geometry of which differs from the 
one considered above. 


5C. H. Best and N. B. Taylor, Physiological Basis of 
Medical Practice (Williams and Wilkins, Baltimore, Mary- 
land, 1947), p. 149. 
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A solenoidal spectrometer is described. This instrument has several features which make it 


especially adaptable to use in an undergraduate laboratory. One is that the coil geometry is 
such that the student may readily verify that the range of variation of the magnetic field on the 
principal axis is less than } percent. Secondly, the baffle geometry is of sufficient simplicity to 
enable the better student to calculate not only the momentum admitted by the baffle system, 
but as well to predict the line shape for a monoenergetic source, and thus to obtain the theo- 
retical resolution of the instrument. Thirdly, as a result of the first-mentioned features, the 
instrument is absolute. Construction details are included. For the instrument described, the 
absolute accuracy is better than 0.4 percent, the resolution is 1.9 percent, and the useful solid 


angle is 0.8 percent. 


EVERAL articles concerned with the proper- 
ties of solenoidal spectrometers have re- 
cently been published.! These articles have 
been concerned with instruments of optimum 
design which were to be used for research 
purposes. Accordingly the theory in each case 
involves the use of the “ring focus.”* When 
a spectrometer was constructed at this uni- 
versity for use in an undergraduate labora- 
tory, it was first assembled using the ring-focus 
baffle, following the theory of Du Mond.' A 
semester’s use with this arrangement proved 
somewhat unsatisfactory for two reasons. In the 
first place, since the mean angle of emission was 
only about 14°, the ring focus baffles were of 


1 Persico and Geoffrion, Rev. Sci. Instr. 21, 945 (1950). 
Persico, Rev. Sci. Instr. 20, 191 (1949). Du Mond, Rev. 
Sci. Instr. 20, 160 (1949). 

2 Witcher, Phys. Rev. 60, 32 (1941). Frankel, Phys. Rev. 
73, 804 (1948). 








such small dimensions and had to be placed so 
near the detector, that their placement became 
very critical. Secondly, the complete theory of 
the instrument as given by Du Mond and others 
is of sufficient complexity so that most students 
were unwilling or unable to study it enough to 
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Fic. 1. Construction details at an end of the spectrom- 
eter. The main coil consists of a single layer of copper 
ribbon 0.1 inch by 0.38 inch wound on edge on the brass 
tube which constitutes the vacuum chamber. 
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have anything like a thorough appreciation of 
the operation of the spectrometer. 

We therefore decided to investigate the possi- 
bilities of using the very simple baffle system 
which is usually sketched when one is first intro- 
ducing the solenoidal spectrometer, namely, a 
set of ‘‘angle’’ selecting baffles near the source, 
and an “energy” selecting hole in a position 
just in front of the detector. A simple theory for 
the line shape and momentum resolution is 
possible for this baffle geometry. It appears to 
be a very suitable geometry for use in a student’s 
instrument. Accurate experimental results are 
obtained, and the theory is so simple that prac- 
tically every student thoroughly understands the 
details of the action of the baffles. The better 
students can, with little aid, develop the theory. 


s- END PLATE 


GEIGER 
GUIDE ) SUPPORT TUBE 


pprsscrtssrarnea eshte 





at rs SEEAE EEE EIIL TILA ITI 





- ANODE LEAD 


~10" — ———4 


bet 


| INCH 


Fic. 2. Details to show the means of support of the 
Geiger counter. The O-ring vacuum seal between the 
cylindrical cathode and the support tube allows the anode 
lead to remain at atmospheric pressure. 


CONSTRUCTION AND DIMENSIONAL DETAILS 


The vacuum chamber of the spectrometer 
consists of a brass tube which is 63.3 inches long. 
It has an internal diameter of 8 inches and an 
outside diameter of 8} inches. The tube is covered 
with several layers of paraffined paper which 
serves as electrical insulation for the solenoid 
coil. The total thickness of this insulation is a 
little less than ;¢ inch. 

The solenoid is wound with heavy Formvar- 
covered copper ribbon. This ribbon is approxi- 
mately 0.1 inch by 0.38 inch. It is wound on edge, 
so that there are approximately ten turns per 
inch. The solenoid proper consists of a single 
layer of such winding. The coil resistance is 
about $ ohm. 


Figure 1 shows the construction details at 


Fic. 3. A side view of the spectrometer. The cardboard 
cylinder serves as a duct for the cooling air. A correction 
coil is seen at each end of the instrument. 


one end of the spectrometer. The last turn on 
the solenoid is screwed to the Bakelite retainer. 
The retainer, a cylindrical piece, in turn is held 
in compression against the copper winding by a 
flange. The flange screws onto the brass tube 
which constitutes the vacuum chamber. 

In Fig. 2 is shown the means of supporting the 
Amperex type 200 N Geiger tube. This tube is 
filled to a pressure of approximately half an 
atmosphere, so that it may be used at either 
atmospheric pressure or at high vacuum. The 
Geiger tube is supported by an O-ring vacuum 
seal as shown. This provides a convenient means 
of allowing the anode lead to remain at atmos- 
pheric pressure. Since the anode lead is at 
atmospheric pressure, no difficulty with dis- 
charging from the anode lead within the spec- 
trometer vacuum is experienced. Requirements 
on the spectrometer vacuum are thus materially 


Fic. 4. A photograph of the lead absorber which is 
placed between the source and the detector on the principal 
axis. The helicoidal charge- -sign selecting baffles are sup- 
ported from the lead “‘pig.’’ The inner (12°) angle-selecting 
baffle is seen at the right. 






























































Fic. 5. A photograph, with the absorber of Fig. 4 re- 
moved, showing the detector end of the spectrometer. 
The small hole which is indicated by the arrow is the 
energy-selecting baffle. 


reduced. It is apparent from Fig. 2 that the 
anode lead also serves as a longitudinal support 
for the Geiger tube. The entire Geiger support 
tube is adjustable longitudinally +1 inch about 
its nominal proper location. 

Cooling of the solenoid coil is provided by 
forced-air circulation. A length of cardboard 
tubing whose internal diameter is one-half an 
inch greater than the outside diameter of the 





Fic. 6. A photograph showing the means of mounting 
and adjusting the source. 
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copper winding confines the air to a high ve- 
locity flow along the surface of the coil. The air 
inlet is at the center of the instrument and from 
there the flow is toward each end. A 3-horse- 
power, 3450-rpm motor driving a centrifugal 
blower furnishes a pressure head of 6 inches of 
water at the air inlet to the spectrometer. When 
the spectrometer is operated at 80 amperes, 40 
volts, and 3.2 kilowatts input, a coil temperature 
rise to about 65°C results. Since 80 amperes 
focuses particles with an energy of 1.7 Mev, 
this is about the maximum energy at which the 
instrument may be held in continuous operation. 
Operation at this power requires the use of dry 
ice in a hopper at the blower intake. 

Figure 3 is a photograph showing a side view 
of the spectrometer. Note the motor and blower, 
the cardboard air duct, the correction coils, and 
aluminum frame which is mounted on casters. 
Figure 4 is a photograph of the lead absorber 


TABLE I. Coil dimensions. 


Main Correction 

coil coils 
Inside radius (cm) 10.60 15.22 
Outside radius (cm) 11.57 16.19 
Mean radius (cm) 11.09 15.71 
Length (cm) 150.6 5.1 
Turns per meter 403.3 392 





which is placed on the axis of the spectrometer 
between the source and detector. The lead itself 
is three inches in diameter and twenty-one inches 
long. A set of helicoidal baffles is mounted near 
the detector end of the absorber. These of course 
are used to limit the transmission for a given 
direction of the magnetic field to particles of a 
single sign. Near the source end of the absorber 
is seen the inner (12°) angle-selecting baffle. 
This baffle is accurately centered within the 
vacuum chamber by adjustment of the length of 
the six supporting legs which carry the lead 
absorber. 

The outer (16°) angle-defining baffle consists 
of a cylindrical ring placed at the proper axial 
distance from the source. It is automatically 
centered on installation, for the outside diameter 
of the ring is a snug fit to the inside diameter of 
the vacuum chamber. There are other inner and 
outer baffles, but these act neither as energy nor 
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angle-selecting baffles—rather as baffles whose 
purpose is to reduce the scattered background. 

Figure 5 is a photograph showing the detector 
end of the spectrometer. The arrow indicates the 
energy-selecting baffle. This baffle is supported 
by a large lead casting whose minimum wall 
thickness is 2} inches. This lead casting serves 
to reduce the background due to cosmic rays 
and radioactive sources which are nearby. The 
energy-selecting baffle is accurately centered to 
the axis of the vacuum chamber by adjustment 
of the length of the supporting legs of the above 
lead casting. 

Figure 6 is a photograph of the source holder. 
The length of the three legs is adjustable, so the 
source, which mounts on the wire loop, may be 
accurately adjusted to the axis of the vacuum 
chamber. 


TABLE II. Magnetic field contributions. Distance 
from center of the solenoid in cm. 


0 10 20 30 40 


Main coil 1.9786 1.9776 

Nearby cor- 0.0032 0.0050 
rection coil 

Remote cor- 0.0021 

1.9847 


1.9658 
0.0146 


0.0011 
1.9815 


1.9494 
0.0293 


0.0008 
1.9795 


0.0032 
1.9850 


rection coil 
Total 


THE MAGNETIC FIELD 


The dimensions of the main coil and of the 
correction coils are given in Table I. The 5.1-cm 
length of the correction coils is located in the 
region between 1.3 cm and 6.4 cm from the ends 
of the main coil. This coil configuration produces 
a magnetic field which, on the axis of the sole- 
noid, is uniform to within } percent over more 
than 70 percent of the length of the main solenoid 
winding. Table II shows the results of a calcula- 
tion of the field on the principal axis at various 
distances from the center of the solenoid. We 
have tabulated the value of the terms in paren- 
theses in the expression H=(27/10)NI (cos, 
—cos@2), in which H is the field strength in 
oersteds, N is the number of turns per cm length, 
I the magnet current in amperes, and @ is the 
angle between the axis of the solenoid and the 
end of the winding for the point in question. 
The mean coil radii were used for the compu- 
tations. 

It is seen that the field variation is } percent 
on the axis of the solenoid in the region which is 


Fic. 7. End view of the geometry of the starting conditions. 


used. Calculations for both the main coil and for 
the correction coils show that an error of § per- 
cent is incurred if one uses either the inner or the 
outer coil radii for the above computations. The 
mean values of the calculations for the outer and 
inner coil radii of course differ by negligible 
amounts from the values shown in Table II. 

In evaluating the value of H to be used, we 
have chosen a value from Table II of 1.984, 
weighting values near the center rather heavily 
since the curvature of the particle is greatest 
near the central part of the trajectory. We 
obtain H (oersteds) = B (gauss) =5.027 I (amp). 

This is the value of the field on the principal 
axis. We have experimentally determined that 
at no point on the particle trajectory does the 
field differ by more than } percent from the 
value at the center of solenoid. This may also 
be established from the numerical calculations 
of the field on the principal axis, following 
Siegbahn,’ from the equation 

r oH, 
H,(2z, r) = H(z, 0) -—— 
4 02° 


Fic. 8. Side view of the geometry of the starting conditions. 
3 Kai Siegbahn, Arkiv. Mat. Astron. Fysik 30, 1 (1944). 
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Fic. 9. Geometrical situation for determining the range 
of momenta transmitted by the ‘‘energy-selecting’”’ hole for 
a given angle of emission. 


The use of this equation to estimate the field for 
r =4 inches and in the plane of symmetry results 
in a deviation of less than 0.1 percent from the 
field on the principal axis. 


THEORY 


The z-axis is taken to be the axis of symmetry 
of the instrument. The plane perpendicular to 
the z-axis is the xy plane. A source is placed 
at x=y=2z=0. Consider a particle of mass m 
and velocity v which is emitted at ¢=0 at an 
angle a to the z axis and in the yz plane: 
Figures 7 and 8 portray the situation. The pro- 
jection of the trajectory in the xy plane will 
of course be a circle. Let its radius be a. Then 
we have 


x =a(i—coswt) (1) 
y=a sinwt (2) 
z= (v cosa). (3) 


Now w= Be/m and a= sina/ Be, where p is the 
particle momentum, B the strength of the mag- 
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Fic. 10. A plot of the range of the values of D=2p/Be 
which are transmitted by the spectrometer geometry vs the 
angle of emission @ of the particle with respect to the prin- 
cipal axis of the spectrometer. 


es 


equal x for the first crossing of the z axis. Solving 
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netic induction in gauss, m the mass in grams and 
e the charge on the particle in electromagnetic 
units. When we solve for 7, the displacement of 
the particle perpendicular to the z axis, we obtain 


2p Bez 
r= (x?+-?)!=— sina sin(———_ (4) 
Be 2p cosa 
or 
r=D sine sin(——_)., (5) 
D cosa 


where D=2p/Be. This is the familiar result 
that the path of the particle in a plane which 
rotates about the z axis at a rate such that it 
always contains the particle is sinusoidal. 


COUNTING. RATE 


a 











Fic. 11. Theoretical line shape for a monoenergetic 
point source, as determined from the curves of Fig. 10. 
The predicted full width at half maximum intensity 
AD/D = Ap/p=1.8 percent. 


Consider Fig. 9. Two particles which are 
emitted at an angle a with the z axis are shown. 
We wish to calculate the range of D values which 
will be allowed to pass through the opening of 
diameter 2d which constitutes the energy-select- 
ing slit in the geometry which is used in this 
spectrometer. Calling D+ the largest and D~ the 
smallest values of D which will be transmitted, 
we have, for the first crossing of the z axis 


L+dctna=7D* cosa 
L—dctna=7D~ cosa. 


These equations result from the requirement that 
the argument of the sine term in Eq. (5) must 






















SOLENOIDAL SPECTROMETER 


we obtain 
L tanatd 
Dt= 


rT sing 


The geometry of this spectrometer consists of a 
set of angle-selecting baffles placed near the source. 
These allow particles which are emitted in the 
angular range 12°-16° to pass on down to the 
energy (momentum) selecting hole. 

Figure 10 shows a plot of the range of D values 
which will be transmitted by the instrument for 
angles in the range 12°-16°. For our instrument 
L=106.4 cm and d=0.24 cm. 

Consider now a monoenergetic point source. 
As we vary the current through the solenoid, the 
valve of B changes, and thus the value of D for 
the particles being emitted by the source varies. 
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MAGNET CURRENT (AMPS) 


Fic. 12. Experimental line shape for a Cs'87 source. 
The measured resolution is <2 percent. 


The curves of Fig. 10 will determine the useful 
angular range of the instrument for each value of 
D. For example, only for a D=35.0 cm will 
particles in the entire range 12°-16° be able to 
pass from the source to the detector. We thus 
determine the curve of Fig. 11 which shows the 
counting rate vs D for our instrument. 

We note that the predicted momentum resolu- 
tion Ap/p=AD/D=1.8 percent. Also, the maxi- 
mum counting rate occurs at D=35.0 cm; the 
high energy side of the curve intercepts the D 
axis at D=35.5 cm; and the center of gravity of 
the line is at D=34.9 cm. 

For operation at the peak of the counting 
rate curve, the angular range 12°-16° which is 
in use means that about 0.85 percent of all the 
particles emitted by an isotropic monoenergetic 
source will enter a counter which is placed behind 
the energy selecting hole. 
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Fic. 13. Experimental results obtained in an experiment 
performed in the undergraduate laboratory. The energy of 
the annihilation radiation from the positrons of Na” is 
measured, using a thorium converter. The error in the 
absolute measurement is less than 3 percent. 


EXPERIMENTAL RESULTS 


Figure 12 shows the results of a run made with 
a Cs? source. The experimental resolving power 
is 1.9 percent as compared with the theoretically 
predicted value of 1.8 percent. The measured 
momentum of the line is 3390 gauss cm as com- 
pared with the published value of 3381 gauss cm. 
This difference of } percent in the momentum is 
consistent with the precision which the spectrom- 
eter is expected to attain. The magnetic field is 
only uniform to about } percent, and then there is 
about a 3 percent error possible in determining 
the position of the peak of the counting rate 
curve. 

Figure 13 shows the results of an experiment 
which is performed in the undergraduate labora- 
tory in which the instrument is used. After es- 
tablishing a plateau for the Geiger counter, the 
energy of the annihilation radiation from the 
positrons of Na” is measured, using ‘a thorium 
foil converter. The final error in the energy of 
the annihilation quanta is less than 3 percent. 

It is a pleasure to thank Mr. Howard Keller 
and Mr. Alfred Mann for their aid in the design 
and testing of the spectrometer. Our thanks are 
also due Mr. E. Griffiths, who is in charge of the 
Physics Department machine shop, for his many 
suggestions regarding construction details and 
for supervising the construction of the spec- 
trometer. Mr. Robert Nordberg was responsible 
for the electrical installation. 
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The decomposition of the stress tensor into the spherical stress tensor and the stress deviator 


found in theories of plasticity is shown to depend upon the postulate that the stress tensor is 
the tensor sum of two physically independent stress constituents. The decomposition is derived 
by two different methods, the first method based on energy arguments, and the second method 


based on cause and effect arguments. 


INTRODUCTION 

ROM the onset, it will be best to state the 

purpose of this paper which is to define the 
conditions on which the stress (strain) tensors 
can be decomposed into the two stress (strain) 
tensors that are commonly called! the spherical 
stress tensor and the stress deviator. The actual 
decomposition of stress is well known, and is 
arbitrarily assumed as a mathematical conveni- 
ence in current theories of plasticity. While this 
assumption is justified by the results so obtained, 
no consideration is given to the physical re- 
quirements, i.e., conditions, of such a decomposi- 
tion. The properties of the resulting tensors, 
hereafter called stress (strain) constituents, have 
been investigated by a great many investigators 
concerned with theories of failure of bodies.? 
This paper will investigate the principles under- 
lying the decomposition itself. 

By way of review, the decomposition of stress 
and its resulting implications will be presented 
after the fashion that various Russian authors 
introduce it in their mathematical theories of 
plasticity.2 The following concepts are used in 
characterizing the state of stress under which a 
material enters the plastic state: 


(1) The state of stress at a generic point 
is determined by the six components of the 
stress tensor, written in engineering symbols 
as 


Oz Tyz Tez 
S=[ ty Cy Tr 
Tzz Tyz Gz 


* Presently a Member of the Technical Staff, Bell Tele- 
phone Laboratories, Murray Hill, New Jersey. 

1W. Prager and P. G. Hodge, Theory of Perfectly Plastic 
Bodies (John Wiley and Sons, Inc., New York, 1951), p. 15. 

2R. Hill, The Mathematical Theory of Plasticity (Oxford 
University Press, New York, 1950), pp. 15-19. 

3 Kachanov, Beliaev, Ilyushin, Mostow, and Gleyzal, 
Plastic Deformation Principles and Theories (Mapleton 
House, Brooklyn, New York, 1948), 192 pp. 
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(2) The mean normal stress is defined as 
c= 3(oz+o,+0;). 


(3) The stress is decomposed into the 
dilatational stress constituent (called the 
spherical stress tensor) 


s 0 6 
a=E0 «¢ OF 
0 0 ca 


which corresponds to 
only, and 

(4) The distorting stress constituent 
(called the stress deviator) 


a change of volume 


Or—C Tyz Con 
S2=| Try Sy—-C Tr 
Tzz Tyz ozo 
ox Tyz Taz 
= Try oy Tz hy 
Tzz Tyz a, 


which corresponds to a change of shape only. 
(5) The first and second invariants of S» 
define the ‘‘conditions of plasticity,’ 


4A. Nadai, Theory of Flow and Fracture of Solids 
(McGraw-Hill Book Company, Inc., New York, 1950), 
Chp. 27; Hill, reference 2, pp. 19-23; Prager, reference 1, 
pp. 21-25. The “conditions of plasticity’”’ need not neces- 
sarily be derived in the above fashion. The origin of these 
equations properly belonged to St. Venant, Hencky, 

uber, v. Mises, and others who were interested in finding 
the limiting case where Hooke’s law ceased to be valid. 
Therefore, these equations are often called yield criteria. 
We are also indebted to A. Nadai for his geometrical in- 
terpretation of the above equations (pp. 96-106). An in- 
vestigation of the actual “conditions of plasticity’’ is not 
the purpose of this paper, however, and they are only pre- 
sented to demonstrate the importance of an examination 
of the above decomposition of stress to mathematical 
theories of plasticity. 








CONDITIONS FOR DERIVATION OF STRESS DEVIATOR TENSOR 


1. o2/+0,'+o,’=0 
2. (oz—oy)?+(e,—o,)?+(o2—¢;)? 
+6 (tay? +142? +722") 
=constant during flow. 


(6) Corresponding operations and equa- 
tions pertain to the strain. 


Although the decomposition S=S,+S: is 
taken as axiomatic in mechanical theories of 
plasticity, this is somewhat unsatisfactory from 
a strictly fundamental point of view. The ques- 
tion arises, are there other ways of decomposing 
S so that one of its constituents produces the 
desired yield criteria? If this decomposition is 
unique, what physical meaning is implied by the 
uniqueness itself? What is implied, in terms of 
elastic theory, by making this decomposition 
unique? 

The decomposition, S=S,+Ss, will be derived 
from two different viewpoints. The first deriva- 
tion is based on the premise that if S; and S, 
are quantities representing different physical 


Sommerfeld €xz| Eyy| Ezz 
Engineering usage| ez | €, |€z 
Sommerfeld Oxrz| Tyy| O22 


Engineering usage] oz | oy |oz 


In order that a state of stress at a point does 
not depend on the arbitrary choice of a set of 
axes of reference, three different relations be- 
tween the stress components must hold. These 
relations are called the invariants under rota- 
tion. Only the first two invariants of stress and 
strain will be needed subsequently. They are 
T,(€) = €z2 + €yy + €22 = constant (1) 
To(€) = €2y? + €y2?+ € 22” — Exz€yy — Exz€ez — Eyy€zz 


=constant (2) 
(3) 


(4) 


I1(¢) =or2+oyy+o22=constant 
In(o) = o2y?+ + + + =constant. 
For convenience, we shall label 


Ii(€) =e 
I,(c) = 6. 


The strain-stress relationships of isotropic 
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entities, the elastic strain energy of each con- 
stituent is independent and the total energy of 
strain is therefore the sum of the two energies 
of the constituents. This point of view is at- 
tractive to those who find energy arguments 
appealing. The second derivation is based upon 
a causal argument. If the stress constituents, S; 
and Ss, are different and fundamental physical 
entities, the relation between them and the 
corresponding strain constituents, }>; and 2, 
is one of strict proportionality. This point of 
view is attractive to those who find cause and 
effect arguments appealing. 


NOTATIONS AND FUNDAMENTAL DEFINITIONS 


In all subsequent arguments, the stress and 
strain notations of Sommerfeld® will be used 
since this notation is more adapted to the sum- 
mation technique of analysis. The following 
table is useful in comparing the notation of 
Sommerfeld with the standard engineering usage. 
Ezy = Eyz 


€yz = Ezy €zz = €zz 


1 on & i soe 1 =i 
2YV cy = ZV yz| FV yz = BV zy] ZV 2x = BV zz 


Oxy = Tyz Oyz=Czy |\Fzr =Orxz 


Tay = Tyz Tyz>Tzy Tex = Tzz- 


bodies, where strain is in terms of stress, are 


1+y 


€zz = E Ozx— V(Or2+ Cyt Cue) 


1+y 
€xy = Oxy) 
E 
where »v and E are Poisson’s ratio and Young’s 
modulus, respectively. The above equations are 
more adapted to the mathematical operations to 
follow if they are written in condensed form with 
the Kronecker delta 
i+v 


er= Oi —VOir8, 


(5) 


where 7 and k may take on values of x, y, or 2, 
and as usual, 


64=1, 
=0, 


t=k 
tk. 


5 A. Sommerfeld, Mechanics of Deformable Bodies (Aca- 
demic Press, Inc,, New York, 1950), pp. 9 and 61. 
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The stress-strain relationships of isotropic 
bodies, where stress is in terms of strain, are 
Orr = 2ywerre +A( Exe t Eyy t+ €z2)- 
Cry = Query; 
where 2y and X, introduced by Lamé, are known 
as the Lamé moduli. 
In condensed writing, the above is written 


Ok Qmentrdixe. (6) 
The mean normal stress is 
Om = 3(Czzt+Oyyt+ 22) = 59, (7) 
and the mean normal strain is 
Em = 3 (€22+ €yy + €22) = 3e. (8) 


The elastic strain energy of a body that has 
undergone deformation is usually defined® with 
geometric arguments. For example, it is usually 
demonstrated that the work done by a simple 
extension is half the product of the final stress 
and strain, and the total work is the sum of all 
such terms. In order that we may have the 
energy expression in the desired summation form, 
which will differ slightly from the engineering 
expression because of the factor 3 in the engineer- 
ing notation of strain, we shall derive the energy 
of deformation analytically. 

Under the action of external forces an elastic 
body undergoes a deformation during which the 
forces do a certain amount of work stored in the 
body as potential energy of deformation. This 
deformation induces both stresses and strains in 
the body. It is naturally possible to express the 
deformation energy produced in terms of stress 
and strain and is then called strain energy. 

In order to define this strain energy, it is 
necessary to consider the work expended in 
producing in an elemental domain, dxdydz, a 
strain, 

€ijy 
when subjected to the stress, 
ij. 


The components of the force acting on the 
y—z plane which is perpendicular to x, of the 
elemental domain are 


o:ydz, ordydz, o2dydz, 


6S, Timoshenko, Theory of Elasticity (McGraw-Hill 
Book Company, Inc., New York, 1934), pp. 135-137. 
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and the final deformations corresponding to 
these forces are 


Gt, Ges, “Egae. 


An increment of work expended during the 
deformation by the forces across the y—z plane is 


d W.= (ord €zz -+- Orydézy ac o,-d€,,)dxdydz. 


The increment of strain energy, which is the 
increment of work per unit volume is 


dU, = Ord €zz + Or ézy + or Ez:. 


The increment of strain energy produced by 
the forces acting across the other principal 
planes have similar expressions, so that the net 
increment of strain energy dU induced by the 
strain is 


dU=dU,+dU,+dU; 
= Orr €xz + Ory Exy + or Ex: 
+ Gz €yz + yy Ey + oy dey2 
+ odes: t+oudeézytozde,:. (9) 
In order to find the strain energy due to the 
total strain, it is necessary to integrate the above 
expression between 0 and the various e;;’s. Sub- 
stituting the o;, components by their values of 
Eq. (6) into Eq. (9) of the strain energy, we have 
dU = (2p +A) [ered €zet €yyd ey + €22d€ 2: | 
+d (€yy€ze) +d (€zz€yy) +d(€z2€22) | 
+ 2y[€ryd €xy + ered ere t €y dey: 
+ €yxd eye + €rrd €z2 + Ezy Ezz |. 
Integrating the above, and factoring out the 
stress-stain relationship, the strain energy re- 
duces to 
U= $Ozr€r2t 3 F yyy + 20 22€22 + 20 zyExy 
+ ho z2€r2e t+ 30 yslys + 20 yz€yzt 36 ex€ze t+ BO zc€xe- 


The energy per unit volume can be written 
concisely in summation notation as 


U=} a a TF imEim- (10) 
l om 


ENERGY INDEPENDENCE OF DISTORTION 
AND DILATATION 


In this section, we shall derive the actual 
stress and strain tensors of distortion and dilata- 
tion (the deviator and spherical tensors) on the 
basis of two postulatory conditions: (1) the 














stress and strain tensors can be decomposed 
into two and only two fundamentally different 
independent constituents, and (2) the total 
elastic strain energy is simply the sum of the 
strain energy of the individual constituents. 

By fundamentally independent, we mean that 
the characteristics of the constituents, such as 
elastic moduli, yield point, and mechanical re- 
versibility are dissimilar. 

The first condition is reasonable to anticipate 
because of several experimental facts. They are: 


(a) In “‘stiff’’ materials like glass or steel 
the resistance to both distortion and dis- 
tension is high, yet in “‘supple’’ materials 
like rubber the resistance to dilatation is 
comparable to that of “‘stiff’’ materials while 
the resistance to distortion is negligible. 

(b) The resistance to dilatation of a body 
is always greater than its resistance to dis- 
tortion as evidenced, for instance, by the 
comparative magnitude of the bulk modulus 
and shear modulus of the theory of elasticity. 

(c) Temperature has a marked effect on 
the resistance of a material to distortion. 
It affects the resistance to dilatation to a 
much lesser degree if at all. In fact, at the 
melting point the resistance to distortion 
practically vanishes while the resistance to 
distention does not. 

(d) Recent experiments of Bridgman’ 
show that the dilatation bodies subjected to 
hydrostatic pressure up to 20,000 atmos- 
pheres is elastic with no detectable per- 
manent deformation. It is well known that 
the distortion of bodies produced by me- 
chanical loading appears elastic up to a 
much lower limit than the above which limit 
decreases with the accuracy of the detecting 
instruments. Above this limit there is per- 
manent deformation. 

(3) The “conditions of plasticity’ are 
properties of the stress deviator only.® 


The second condition is really a different way 
of expressing the first, because the superimposed 
energy of two independent phenomenon 


is 


7P. W. Bridgman, Proc. Am. Acad. Arts Sci. 74, 21-51 
(1940). 

8 A. Nadai, Reference 5, p. 105; R. v. Mises, Goethenger 
Nach., 1913; W. Prager, Reference 1, pp. 21-26. 
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simply the sum of the energies of each phe- 
nomenon. 

The first condition is expressed as 

Fim = Om! +01" (11) 
Elm = €tm! + €im”’ (12) 

and the second condition is expressed as 
U=U'+U". (13) 


Expanding the expression for the strain en- 
ergy, Eq. (10), in terms of the stress and strain 
constituents, we have 


2 z DX (o1m’ +o1m"’) (€im’ + €im’’) 


liom 
a” 7 
> Tim Elm 
m 


3 > Z Tim’ €im! +3 Z 
+3 2 D (o1m’€rm’’ +1’ €rm’) 


lo om l 
i om 


U= 


U'+ U" 4+ Us, 


where U? is the cross product energy term con- 
taining both kinds of constituents. Substituting 
Eq. (6) for the stress, the U* term for the non- 
principal orientation is 


U?=} x D {Met erm!’ +A€im’ (DO €xk’) Sim 
m 
+ mer’ €im’ +r€im! (S €xx-’)5im} 
D {2pe rm’ €rm’’ +rAL Emm’ (> en’) 
m 
+i! (YX €xx’) Jbim} 
a X enn €nn’ + ery’ €xy’’ + €22/€r-"" 


+e,.’€,2"" | +rxA(>> €x) (>. €xn) ’ 


=45 
l 


and for the principal orientation is 


tau D ex’ex” +L ex’ (L ex’). 


By Eq. (13), U* must vanish and the following 
equations must be satisfied : 


(€x2' + Sin + to? (€22'’+ j" + eo =0 (1 4) 
Exe €xe + €yy Cyy + Ess Exe =0 (15) 
Exy Cay! + Ces Exe + ys bys = 0. (16) 


The first equation is satisfied for either 
LX «;;'=9, LX ji" =0. 


Since the choice of the primed and double-primed 
constituents is arbitrary, we choose to write 


or 
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Eq. (14) as 
ja + €yy + ny =0. (1 7) 


Multiplying Eq. (17) by e.2’” and subtracting 
it from Eq. (15), €z2’ is eliminated 


(€yy’” = €zz'') ty + (tes = toa”) éss =0. 


Since €yy’ and e,,’ are independent variables, 
Eq. (17) being the only relation between the 
e;;''s, it follows that 


” es , rr. 
6yy — zz 20, and ¢,;'—¢, =0, 
or 


ei = e;;" (18) 


for all orientations. Now }e;;’’ is the first in- 
variant, Eq. (1), of the e’’ tensor. Hence 
€:’=€,;; is a constant under rotation. The 
second invariant, Eq. (2), of the e,,’’ tensor, 
with the single subscripts referring to the eigen- 
values or principal strains, is 


én’ €y! +2! €2/’ + a oa iat ts” 
tere! € 22!’ Heyy! 22!” — (€xy!” + ere!” + eye”). 
By Eq. (18) 


ie i) Po ws ” 
& = ~t; Gee Ge Sen 


and hence 


2 7h re 
xy + €zs + ys =0. 


Since the strain components are all real, it 
follows that 


a ea oe 
Cay Crp Cys =(), 


or 
€:;"=0 (i¥)j). (19) 


The third equation to be satisfied, Eq. (16), 
is therefore a necessary consequence of the 
first two. 

In brief, the cross-product term U* vanishes 
if and only if 


LX ¢;;/=0 (20) 
and 
5 =e". (18) 
A useful alternative way of writing Eq. (18) is 
€ai’ =} z. €xk (21) 


Physically these conditions express the fact 
that the single-primed constituents involve no 
change in shape, and the double-primed constitu- 
ents involve equal extensions in all directions. 
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The Lamé stress strain relationship may be 
used to find the expression of the stress con- 
stituents. Substituting Eq. (17) in Eq. (5), it 
follows that 


Tim’ = 2u€Im’ (22) 


Summing Eq. (22) over all values of the normal 
stress components, we have 


D> on’ =2yu dS ex, =0. (23) 
The double-primed equivalent of Eq. (5) is 
oi!’ = Qed!’ +A D> exe” (24) 


and 
aj; an Que; +A Zz. Cn” 


Subtracting these leaves 


(o;;"" ae o;;') = 2u(es;” a €;;'’). 


By Eq. (18) 
ei’ = 53", (18) 
and therefore 
oui’ 7 o;;", (25) 
or 
oi’ =§ D on”. (26) 


For the same reason that Eq. (18) implies 
Eq. (19), Eq. (25) implies 


o;;’=0 (t¥)). (27) 
Summing Eq. (24) over all values of 7 produces 
ys oi’ =2y 7 €:/’ +3 2 ea" = (2u+3A)>- €xk’. 


Substituting Eqs. (22) and (26) into the above 
gives 


oii’ =(2u+3r) ei”. (28) 


Equations (22) and (28) show that the strain 
constituents are proportional to their corre- 
sponding strain constituents. These propor- 
tionality factors, 2u and (2u+3d), are the 
elastic moduli of distortion and dilatation, 
respectively. 

Equations (11) and (12) then become 


€im = 2pO 1m’ + (2u+3A)oim”, 
1 1 


—€im' + ad 
2u 2u+3r 





Clim = 


The Lamé equation can further be used to 
express the constituents of stress and strain in 
terms of the total stress and strain. Subtracting 





— em, SP 


CONDITIONS FOR DERIVATION OF -‘STRESS DEVIATOR TENSOR 


Eq. (19) from Eq. (12), and Eq. (27) from Eq. 
(12) gives 

oi; =04; (tj), (29) 
(30) 
The normal components from Eq. (11) and 
(12) are 


€ij' = €ij (tJ). 


‘ 
Gio toi”, 
€n= i +e’. 
Summing the above equations over all values of 


i and subtracting from them Eqs. (20) and (23) 
leaves 

> on’ => Cit, 
or 


ae iat 
oii!’ =3 DS orn =Om, 


> ee’ =>. €s, 


(31) 


and 


or 


 .. S es 
€:’=3 Dd exe =Em- 


(32) 


Recalling the definitions of the mean normal 
stress and strain, Eqs. (7) and (8), it follows 
from Eqs. (31) and (32) that the normal com- 
ponents of one of the stress and strain con- 
stituents are equal to em and om. Equations (11) 
and (12) can therefore be expressed as 


hh 1 ss 
Ci F=Cui— FZ > CKk = Cit — Om 


(33) 
(34) 

Equations (25) and (31), also (19) and (32) 
can be written simultaneously using the Kro- 


necker delta, giving the general expression of the 
second stress and strain constituents 


eo 1 cial 
€ii =€:1— 3 DO ke = Ci — Em- 


” : " 
Oi; =0n5i;3 €ij = €m6;;- 


Similarly, Eqs. (29) and (33), also Eqs. (30) and 
(34) can be written simultaneously giving the 
general expression of the first stress and strain 


es . Pe 


The relations between the various components 
of the constituents can be summarized in matrix 
form as 


tm 8 
o’=10 om O F=(2u+3d)e” 
0 © Ga 
x & @ 
=(2u+3rA)}0 em O 
0 0 & 
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and 
Ozz— Om) Tyz, zz 
’ 
o= xy, yy — Om) Oxy ¥ Que 
Orz Tyz Tzz— Om 
€zz— Em, €yz, €zz 
=2 Ezy; €yy — Em; kin 
Eyz €yz €zz— Em 


Conclusion: The decomposition of stress and 
strain into independent constituents, such that 
the elastic strain energy of these constituents 
are independent, is unique. These constituents 
represent two kinds of deformation, namely dis- 
tortion and dilatation, and are called deviators 
and spherical tensors. The relation between 
corresponding stress and strain constituents is 
strict proportionality. 


PROPORTIONALITY OF DILATATION AND 
DISTORTING TENSORS 


In this section we shall derive the form of the 
actual stress and strain tensors of distortion and 
dilatation on the basis of two postulatory con- 
ditions: (1) The stress and strain can be de- 
composed into two and only two fundamentally 
different constituents, and (2) the corresponding 
stress and strain tensor constituents are related 
by a proportional constant.!° 

The first condition is given for the same reasons 
as in the preceding section. 

The second condition is another way of ex- 
pressing the first condition, provided one accepts 
cause-and-effect arguments. If a strain is pro- 
portional to a stress, i.e., if €;,=aoix%, Hooke’s 
law is valid for all components of the stress and 
strain. It is well known that this proportionality 
is not observed in the general strain-stress rela- 
tionships as shown by Eq. (12) which ‘indicates 
that each of the e,, terms is a linear function of 
all the o;, terms. The lack of a causal relationship 
is more forcibly demonstrated for the case of 
simple axial extension in which there is a lateral 
strain with no component of stress in the direc- 
tion of that strain. The question arises, what 
causes the lateral strain? The concept of Poisson’s 
ratio cannot explain away the above, for this 
number is experimentally determined and has 
no theoretical significance. The explanation pro- 


10H. Brandenburger, Schweiser Archiv der Angewandten 
Wissenschieften und Tecknik 7, 223-235 (1941). 
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posed is that the observable stress and strain 
are not simple entities but are the superposition 
of two independent constituents. If these con- 
stituents truly are fundamental and distinguish- 
able phenomenon, a causal relationship, i.e., a 
Hookean proportionality, exists between the 
corresponding components of the stress and 
strain constituents. The choice of two as the 
number of constituents follows from the fact 
that there are only two independent elastic 
parameters (see Eq. (11)). 
The first condition is expressed as 


Tim=Fim' +o1m"” (11) 
€im = €tm’ + €im’”’, (12) 
and the second condition as 
€xk = A105" (35) 
€ix’ =A20in’’, (36) 


where a; and az are different nonzero constants. 
Expanding Eq. (35) we have 


Err’ = 1022" (37a) 
yy = B16 yy (37b) 
Ess = G10 ss - (37c) 
Expanding Eq. (36) we have 
€z2/ =A2022"" (38a) 
Ey =A20 yy” (38b) 
tes ee (38c) 
Adding Eqs. (37) we have 
> exe’ =; >, ona’. (39) 
Subtracting pairs of Eqs. (38) we have, 
Exe — Ey” =A2(Gz2"’ — Oy’) (40a) 
Evy — €22/’ = A2(Cyy’’ — 022") (40b) 
€s2 — Ezz =02(O2s' —Oz2'’). (40c) 


versity of Iowa, Iowa City, Iowa, at the invitation of and 
in conjunction with the Colloquium of College Physicists. 
The four special June lectures, on interesting aspects of 
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1952 Summer Meeting of the Association 


The 1952 Summer Meeting of the American Association 
of Physics Teachers will be held June 11-14 at the Uni- 







Equation (39) is satisfied for any arbitrary 
values of the components and any value of the 
constant a; only when the sum of the components 
vanishes, 


> €xk = @, 


Equations (40) are satisfied for any value of 
the components, only when the components are 
equal, 


(41) 


i... _ ” 
€xr —Eyy Ezz - 


(42) 


By using identical arguments of the preceding 
section, Eq. (41) coupled with the conditions of 
the first and second invariants, establishes that 


€;;"" =() tj, 


and therefore 


Pe 
€ij = €i;j- 


The values of the constants depends only on 
the stress-strain relationship, Eq. (6). Having 
shown that the form of the two strain constitu- 
ents is the same as that found in the preceding 
section, similar arguments to those found be- 
tween Eqs. (22) and (34) will establish that the 
forms of the constituents are identical to the 
stress and strain deviators and the stress and 
strain spherical tensors. It will be shown also 
that the proportionality constants are equivalent 
to those shown in Eqs. (22) and (28). 
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NOTES AND DISCUSSION 


Can the Impact of a Falling Chain be 
Measured by a Balance? 


GorRDON FERRIE HULL 
Dartmouth College, Hanover, New Hampshire 


BOUT forty years ago Horace Lamb in his Dynamics 
(my text is 1914, a sequel to an earlier publication) 
listed two problems which in modified form have been 
discussed by J. S. Miller! and John Satterly.2 Lamb not 
only stated the problems; he gave the answers. But the 
answers he gave are not the answers to the problems 
recently discussed. The recent writers have assumed that 
they are, but Professor Satterly has shown experimentally 
that the theory is not correct. 

Lamb’s problem (No. 6, p. 149) is “‘a uniform chain hangs 
vertically with the lower end just clear of a horizontal table. 
If the upper end be released prove that at any instant: - -the 
pressure on the table is three times the weight then on the 
table.” Miller and Satterly substitute for table the pan 
of a balance and ask for the maximum reading of the 
balance. Lamb was careful to point out that his pressure 
(our force) was instantaneous and academic. But instan- 
taneous pressures are not registered by ordinary balances. 
They might be by a piezoelectric gauge and oscilloscope. 

(1) Consider the case of the whole chain above the pan 
(mass M, length L, and m=M/L), the bottom link very 
nearly in contact with it. Following the analysis set forth 
by Lamb and followed by Miller and Satterly, the mo- 
mentum of an element dx reaching the pan is (mdx)v and 
the force due to the impulse of striking the pan is (mdx)v/At, 
where At is the total duration of stopping that link. Is 
dx/At equal to the v of arrival? Certainly it is not always. 
It could be changed completely by putting on the pan a 
thin sheet of rubber. But if we take the foregoing product 
to be equal to mv?=2mgL=2Mg for the last link then we 
conclude that the instantaneous impulse of the last link 
is equal to twice the weight of the chain. Suppose, now, 
that we have two chains of the same M, L, and m, but one 
chain with 100 links, the other with 1000. How does it 
happen that (mdx)v for the last link of one chain is made, by 
this analysis, equal to that of the other? It is done by 
making dx/At of one equal to that of the other, although 
the dx in one case is one-tenth of that of the other. So we 
might have the absurd result that the arrival of a link of 
mass one milligram produces the same pressure on the pan 
as the arrival of a mass of one gram falling the same 
distance. 

(2) Let us turn to another method of solution. First, 
consider the simplest case—if the pointer of a spring balance 
is at 0 and a weight W= Mg is above and very nearly in 
contact with the pan and is released, the pan will descend 
until the pointer is at x2, where x2—x1=%; if x1= Mg/k is 
the reading for the steady state. So x2, the deflection, is 
twice that due to the steady state. There is no impact so 
the energy relation holds. If x2 is the maximum displace- 


ment, the kinetic energy there is zero and Mgx2=kx.?/2 or 
x2=2Mg/k. I had to work out this problem more than 
fifty years ago; thus—a beam of light suddenly falls on one 
of the light pressure vanes of a torsion balance. The maxi- 
mum deflection, for no damping and no gas action, is twice 
that for the steady state. The differential equation proves 
this and also that the motion is simple harmonic about 
the new zero; moreover, the period is not altered. 

(3) Now consider the vertical chain falling. There is 
constant impact until the whole chain is assembled on the 
pan. The principle of energy cannot be used until after 
this takes place but the principle of momentum applies. 
Suppose there is no rebound and that the pan does not 
move appreciably until the whole chain is assembled. The 
total momentum of the chain is Jo” \/(2gx)dx = Mv/(2gL) /3. 
If all this momentum is taken up by a new mass M+ 5M 
the new kinetic energy will be 4M*gL/9(M+2=M). Now 
this total momentum consists of early and later elements. 
To what extent do they add together? And the forces? 
Where are the forces of yesteryear or of a hundredth of a 
second ago? It will be shown that to the extent that an 
ordinary hook-and-bar tubular spring balance can be used 
to test this point, the momenta and the forces add together; 
the early and the later ones are in phase. But as tested by 
a two-pan, equal-arm balance, the phase difference must 
be taken into account. 

Spring Balance Results.—I have not been able to use a 
spring balance for the case of the whole chain falling. But 
for the case in which half the chain hangs down from the 
hook and the end of the other half is drawn up level with the 
hook then released, analysis similar to the preceding shows 
that the total momentum is now 2M\/(3gL)/3. The total 
mass now in motion is M+ M,, where M, is the mass of the 
hook, bar, and effective mass of the spring. For the 500 g 
spring balance used, 50 g produced a deflection of 1 cm. 
M,=43 g and for the chain used L= 144 cm, M=86 g. 

If Vo is the initial speed of the new mass, 3MVo/2 
= $M /(gL/2) and the initial kinetic energy=3MV;2/4 
=2MgL/27. Hence, the deflection y is given by the relation 
2MgL/27+ Mgy=k{(y+y0)?+90°}/2. Hence, y/yi=0.5 
+{4L/27y,+0.25}4. Here y:=1.72 cm, the deflection due 
to a weight of 86 g, also Mg=ky:. If we substitute nu- 
merical values we find y=4y,=344 g. As y is measured 
from the zero when half the length of the chain is hanging 
down, we must add 43 g to give a total reading of 387. 

Similarly the spring balance can be used for the case in 
which the chain is hooked at the midpoint and the two 
halves are brought up so that the two ends are on a level 
with the hook, then released. Also it can be used when a 
“last link,’’ a single mass, a short cylinder of brass, is 
dropped a certain distance, in this case 20 cm. In the 
Lamb, Miller (L-M) theory this should give a deflection 
due to 2 Mg, where M is the mass of a cylinder of equiva- 
lent height of the same linear density. The theoretical and 
experimental results for a spring balance are here compared. 
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Chain hanging from spring balance half down, half up 


L-M Theory This theory Experiment Damping corrected 


172 387 340 360 
Same chain hooked at midpoint half down, half up 
172 303 267 283 
Chain M =202 g, L =80 cm hooked at midpoint, half down, half up 
400 494 475 490 
“Last link,” 89 g dropped 20 cm 
1650 445 412 436. 


Note that in the last item the momentum =M 4/(2gh) and =Mz& 
3M /2. 


From the foregoing it is clear that if impact is to be 
measured by a spring balance the aforementioned theory is 
correct and the L-M theory is completely in error. However 
for another spring balance for which M, is large the theo- 
retical values would be smaller and so would be the 
experimental. 

The Two-Pan Equal Arm Balance.—Here we come to an 
extremely crude device for registering a force of short 
duration. The mass of the moving system Mp, consisting 
of the masses of the pans, and the equivalent mass of the 
lever arms, is large compared to that of any mass which 
one would dare to allow to fall on one of the pans. Let us 
take the simplest case, a ‘‘last link,’’ a single mass falling 
h cm on pan A covered with a thin sheet of rubber. The 
momentum is M4/(2gh). The new mass is Mi+M,+M, 
where M,=2,3—10M is the mass on pan B. If A is 
depressed and B rises y cm, then (M,—M)gy=M?gh/ 
(M,i+M,+M). Here M,& 1500 g. Let M=90 g, h=20 cm. 
Then, giving to M, various values, we can find y. A fine 
pointer was attached to pan B and its position could be 
read on a vertical scale even for a quick throw surely to an 
accuracy of 0.2 mm. But the jarring of the balance made 
this precision unnecessary. However, the experimental 
readings agreed rather closely for values of M=200¢ 
(y=8 mm) to M=1000 g (y=0.7 mm). 

For a chain falling on a pan the momentum is 3M+/(2gL). 
The new kinetic energy if all the elements of momentum 
add together is 4M?*gL/9(Mi+M,+M) and this equals 
(M,—M)gy. Again we can give to M, various values and 
to M, and M the values of 1500 and 86 g and compute y. 
The experimental values are considerably below these 
theoretical values especially as M, increases and we suspect 
that as M; increases a larger fraction of the momentum 
goes into the earth by way of the bearings. Also, we see 
another cause for the discrepancy. 

The spring and two pan balances are quite different. 
In the former the small early momenta add together but 
in the latter they may be wiped out by the action of gravita- 
tion. It is evident that pan B will not rise from its support 
until its acceleration upward is greater than g. We might 
go through the process of finding the rate of arrival of the 
momentum, finding the length of Lo of the chain necessary 
for that purpose, then computing the momentum by in- 
tegrating from Lo to L in place of 0 to L. Or we might 
suppose that between the impacts of the and +1 links 
the pan B would fall back 6 cm to the rest position in which 
case we would have (2(n+1)a/g)*—(2na/g)*=(26/g)!, 
where a= 1.44 cm. It seemed reasonable to take n&40 and 





DISCUSSION 


L,=57 cm. But the experimental values are still too small; 
thus, 


Mi(g) Theoretical Experimental 
(mm) (mm) 
200 19 2 
300 9 0.2 
400 6 0.1 


The conclusions are (1) that no satisfactory theory of 
the pan balance has been presented, (2) that the pan 
balance is an extremely crude device for this purpose, (3) 
that it does not indicate any precise value of the impact, 
certainly not 3M. 


1J. S. Miller, Am. J. Phys. 19, 63 and 383 (1951). 
2 John Satterly, Am. J. Phys. 19, 383 (1951). 





Electronic Spark Timing Device 


A. Barp6cz AND A. KEMENY 


Hungarian Academy of Sciences, Central Research Institute for Physics, 
Budapest, Hungary 


N this journal Klaiber and Kington! have described an 
electronic timing device whose number of time marks 
per second is equal to the frequency of the ac mains supply- 
ing the apparatus. Robson? gives an example of how the 
spark timing device can be used for recording time marks 
in oscillographs. 

A characteristic of both the foregoing time marking 
devices is that the number of spark time marks per 
unit of time is equal to the frequency of the power supply. 
The authors have built an electronic timing device whose 
number of time marks per unit of time is equal to or less 
than the frequency of the mains voltage. In the latter case 
it can be an arbitrary subharmonic of the mains’ frequency. 

The timing device to be described operates on the fol- 
lowing principles: The high frequency and high voltage 
currents required to produce the spark are supplied by a 
Tesla transformer. There is a condenser connected in series 
with the primary coil of the Tesla transformer, both lying 
in parallel with a thyratron tube. Owing to the constant 
negative bias of the thyratron grid this circuit is open. If 
the condenser is charged and then discharged by allowing 
current to flow through the thyratron, the Tesla trans- 
former will produce a high voltage spark. The grid of the 
thyratron tube is controlled by means of a multivibrator. 
The multivibrator produces positive voltage pulses larger 
than the negative bias of the thyratron tube grid, in conse- 
quence of which the tube is made to fire. The frequency of 
the multivibrator can be varied within wide limits, being 
equal to any of the subharmonics of the ac frequency. A 
spark, of course, will occur only in that half-period in 
which the multivibrator produces a positive voltage pulse. 

The wiring diagram of the apparatus is shown in Fig. 1. 
The timing device consists of three main parts indicated 
by numbers in circles in Fig. 1. The parts are 

(1) Thyratron controlled firing circuit 

(2) Pulse generator 

(3), (4), (5) Voltage supplies. 

Voltage supply (3) charges the condenser C; in the anode 
circuit of the thyratron tube to about 2400 v. From voltage 
supply (4) a negative potential divided on the resistors Ry 
and R; biases the thyratron tube to cutoff. If now the grid 
of the thyratron tube obtains a positive voltage pulse 
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sufficiently large for the tube to fire, the condenser in the 
anode circuit of the thyratron will discharge through the 
tube and the primary coil of the Tesla transformer T. The 
current flowing through the primary coil of the Tesla 
transformer T induces high frequency and high voltage 
currents in the secondary coil. This results in discharging a 
spark in spark gap S. 

In the circuit shown in Fig. 1 the pulse generator marked 
(2) is a modification designed for our purpose of the basic 


Fic. 1. Electronic spark timing device. Wiring diagram. 
.05 microfarad 3500 v 
.5 microfarad 3500 v 
.0 microfarad 500 v 
=0.05 microfarad 1500 v 
=16 microfarad 450/500 v (electrolytic) 
=variable according to Table I 
=variable according to Table I 
=16 microfarad 450/500 v (electrolytic) 
=4 microfarad 500 v 
=iron-cored twin choke 20+20 h min, 500+500 ohm max 
=0.03 megohm, 12 w, wire resistor 
=0.01 megohm, 1 w, carbon resistor 
=0.05 megohm, 1 w, carbon resistor 
=0.02 megohm, 2 w, potentiometer 
=0.05 megohm, 3 w, carbon resistor 
=5000 ohm, 6 w, wire resistor 
=0.2 megohm, 1 w, carbon resistor 
=0.2 megohm, 1 w, carbon resistor 
=variable according to Table I (carbon resistor) 

Rio =variable according to Table I (carbon resistor) 

ECC40 =twin triode 

GRG 250/3000 =thyratron tube 

V22/7000 =rectifier tube 

6x4 =rectifier tube 

T =Tesla transformer. Primary: 10 turns on 110-mm diameter base, 

wire diameter 3 mm. Secondary: 250 turns on 80 mm diameter 
base, wire diameter 1 mm. 

T: =transformer 220/12 v, primary inductance 25 h min 
=transformer 220/2 X320 v, 40 ma max, 3 X6.3 v 1 amp max 
=transformer 220/1600 v, 20 ma max, 6.3 v, 1 amp max, 2.5 v, 

5 amp max 
=spark gap. 
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TABLE I. Values Ce, Cz, Ro and Rio belonging to the different marking 
frequencies of the electronic spark timing device. 


Interval between Ce 
two marks (uf) 


2 
a 


Cr Ro 

(uf) (meg) 
20 msec 
40 msec 

100 msec 


200 msec 
400 msec 
1 sec 


0.02 0.017 


Oe 


COa SOR HAN 
“oe 


Owe SCRE DARN 


2 sec 
4 sec 
10 sec 


ae oO © 
ero £ro 


circuit of the well-known multivibrator. The circuit em- 
ployed here differs from the conventional type in contain- 
ing the center-grounded reactance L in its cathode circuit. 
This modification is required because in synchronizing the 
multivibrator of conventional circuit the negative voltage 
pulses in its output are large in amplitude while the ampli- 
tude of the positive voltage pulses required to fire the 
thyratron is small. By the change made here large positive 
voltage pulses can be obtained if the output connects to the 
cathode of the multivibrator tube. The multivibrator is 
synchronized from the 50 cps mains through transformer 
T,. The synchronizing voltage is fed into the left-hand 
tube cathode circuit of the multivibrator. When syn- 
chronized, this circuit can produce voltage pulses only at 
integral subharmonics of the mains’ frequency. In multi- 
vibrator circuit (2) the values of the elements Ce, Cz, Ro, 
and Ryo are chosen so that the multivibrator operates at a 
desired frequency. Appropriate values of these components 
are listed in Table I. 

A differentiating network C,—R; connected to the 
cathode of the right-side tube of the multivibrator trans- 
forms the voltage pulse obtained from the tube into a very 
steep positive voltage pulse. The GRG-type thyratron tube 
is controlled by this pulse being applied to its grid. 

The direct voltage required to operate the multivibrator 
is provided by voltage supply (5). 

A more detailed description of the apparatus will appear 
later. 


1G. S. Klaiber and L. K. Kington, Am. J. Phys. 18, 397 (1950). 
2R. C. Robson, J. Sci. Instr. 28, 60 (1951). 
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LETTERS TO THE EDITOR 


Cooperation of High Schools and Colleges on 
Problems of Physics Teaching 


T the Chicago meeting of the American Association of 
Physics Teachers, I was asked to make a few remarks 
concerning the activities of the Southern California 
Regional Section of the AAPT which relate to the subject 
of cooperation of the secondary school and college teachers 
of physics on problems of physics teaching. 


The importance of this subject was recognized by the 
Section from the very beginning of its formation in 
January, 1945. The need for cooperation between teachers 
in the high schools and colleges was brought clearly before 
the Section through the efforts of Mr. Roy McHenry, a 
long-time member of AAPT, a charter member of the 
Section, and at the time of the Section’s formation a 
teacher in the Santa Monica Public High School with many 
years of successful teaching experience at the secondary 
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school level. Mr. McHenry served as Secretary of the 
Section for several years and as President for one year. 
He has been the keystone of the Section’s activities relating 
to the mutual interests of high schools and colleges. I take 
this opportunity to pay tribute to Mr. McHenry for all 
that he has done. 

I think you will be interested in hearing something about 
the structure and activities of the Section as they relate 
to the question under discussion. Let me list a few facts. 

The Executive Committee of the Section is composed of 
the President, a Vice-president for Junior Colleges, a Vice- 
president for High Schools, a Vice-president for Colleges, 
the Secretary-Treasurer, and the president just retired. 
This elected group is responsible for planning the semi- 
annual meetings held in the fall and in the spring and for 
making the scholarship awards to the winners in the Annual 
Competitive Physics Test for High School Students. I 
want to emphasize the importance of having each group 
represented on the Executive Committee. The office of 
Vice-president for High Schools can only be held by a 
high school teacher. This has done much to bring the 
high school teacher group into Section participation by 
insuring that meetings include items of interest to high 
school teachers. It also gives tangible proof of the im- 
portance of the high school group to the Section. We have 
found that high school teachers are a little shy about con- 
tributing papers at our meetings. Fortunately this lack of 
confidence is rapidly disappearing. A definite effort has 
been made to seek out papers from this group and an 
examination of our past programs will show that we have 
averaged better than one paper by a high school teacher at 
each of our meetings. As a matter of fact, at our meeting 
last March, two high school students presented an excellent 
paper. Incidentally, the papers presented by the high school 
teachers have more often than not been the most interesting 
on the program. On one occasion, several years ago, we 
devoted an entire morning session to a panel discussion on 
the subject which we are considering this morning and on 
the problems of high school physics teachers. It was most 
worthwhile. From this particular discussion it became 
evident that there was a need for a study of the teaching 
loads and schedules of high school and junior college 
teachers. This study was sponsored by the Section and a 
committee spent much time and effort on the task. I doubt 
if the results of this study will be published but no doubt a 
great deal of good was accomplished by bringing the 
existing conditions into the open. 

The Eighth Annual Competitive Physics Test for High 
School Students will be held next May. This test is spon- 
sored by the Section and is administered by the Test 
Committee. The examination is two hours in length and 
consists of selected problems from the area of general 
physics covered in high school courses. The problems are 
graded on the basis of method as well as on correct answers. 
Any high school student in Southern California may 
compete. There is no team participation. Several years ago 
team competition similar to that in the test given by the 
American Chemical Society was tried but abandoned as 
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undesirable. The object of the test is to encourage a wide 
interest in physics and wide participation. It is also 
intended as a yardstick for gaining an understanding of 
over-all teaching effectiveness. The test is given at one of 
the colleges or universities in the greater Los Angeles area 
and also at Redlands, San Diego, and Santa Barbara. The 
three last-mentioned locations are more or less on the 
periphery of the Southern California area and reduce the 
transportation problem for students at a considerable 
distance from Los Angeles. Early in January announce- 
ments of the test are mailed to all private and public high 
schools, about two hundred and fifty in number, in the 
Southern California area. Approximately two hundred 
students from more than fifty high schools compete. The 
tests are graded by the Test Committee which reports the 
scores to the Executive Committee. A list of the names of 
all participating students with each score and the name 
of their school is mailed to each high school. Specially 
printed certificates of award are sent to each of the fifteen 
top ranking students. Duplicate certificates are also sent 
to their schools for display. In addition to the certificates 
scholarships are awarded by the following schools: Cali- 
fornia Institute of Technology, Occidental College, Pomona 
College, Redlands University, University of California, 
University of Southern California, and Whittier College. 
These scholarships are worth all or the most part of a year’s 
tuition and are assigned by the Executive Committee on 
the basis of rank and student choice of school. It has 
become a custom for the high school teachers in the Los 
Angeles area to accompany their students to the test. A 
special program is arranged for the teachers. As part of 
this program copies of the test with correct solutions of the 
problems are presented to the assembled teachers for 
comment and discussion. The teachers have been most 
enthusiastic about these meetings. 

Both the Los Angeles County Schools and the Los 
Angeles City Schools have a Teacher’s Institute. These 
institutes consist in part of a large list of lectures, meetings, 
forums, and workshops approved by the school administra- 
tions for teacher attendance on a quasi-compulsory basis. 
Teachers are expected to attend a certain number of these 
meetings during the year and receive credits for doing so. 
Our fall meetings which are always held at one of the 
colleges or universities in the Los Angeles City area have 
for many years been listed in the printed Institute Bulletins 
and carry credit. This has encouraged many high school 
teachers to attend our meetings and we have had as many 
as a hundred at some of our meetings. This is most valuable 
in that they see and hear about the activities of the 
Section. Such occasions afford the presiding officer the 
opportunity of pointing out the interest of the Section in 
the problems of high school teaching. 

These are the things which we are doing in the Southern 
California Regional Section which relate to the topic under 
discussion. There is much more that needs to be done. 
A check of our current membership list shows that we 
have 107 members in the Section. Of these, 37 are high 
school teachers, and of these only 5 are members of the 









LETTERS TO 
AAPT. In my opinion the basic requisite for cooperation 
between high school teachers and college teachers in any 
region is that there shall be high school teachers actively 
participating in the AAPT regional sections and enjoying 
full membership in the AAPT. Teachers of physics at the 
secondary school level must be permitted and encouraged 
to assume their responsibilities in the task of “the advance- 
ment of the teaching of physics and the furtherance of ap- 
preciation of the role of physics in our culture.”” We must 
remember that with few exceptions it is the high school 
teacher who first brings the growing student into contact 
with physics. What he does and how he does it is of great 
concern to all of us who teach at the college level. We must 
understand his problems and contribute all we can to 
synthesize the entire physics teaching process in order to 
further the object of the AAPT. 


VERNON L. BOLLMAN 
Occidental College, 


Los Angeles 41, California 


Chromatic Aberration in the Eye 


STRIKING demonstration of chromatic aberration 

in the human eye, one which a whole class of students 
may readily perform for themselves in their seats, requires 
no apparatus other than the observer's finger, his eye, and 
an ordinary light source.! 

The phenomenon may be observed by closing one eye 
and focusing the other on the boundary of a light source. 
A uniform source, such as a glass bowl over a classroom 
light, works well, although daylight viewed at a window 


Fic. 1. One eye closed, open eye focused on window; finger near eye 
introduced from right side produces colored boundaries indicated. 


frame will suffice. At the same time place a finger (or 
opaque obstruction) in front of the open eye in such a way 
that its out-of-focus image just begins to introduce an 
apparent distortion of the image of the boundary being 
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focused upon. If the obstruction is introduced from the 
right, the red end of the visible spectrum appears outlining 
the right-hand boundary of the light source. As the finger 
moves across the eye, the blue end of the visible spectrum 


Fic. 2. Chromatic effect reproduced with uncorrected lens. 


appears outlining the left-hand boundary of the light 
source (Fig. 1). It is difficult to see the blue using an 
incandescent source since such a source emits little energy 
in the blue region of the spectrum, and the eye is relatively 
insensitive in this region. 

An explanation of the source of these colors can be made 
with the help of an additional experiment. An ordinary 
convergent lens used with some sort of screen serves to 
simulate the action of the eye. Repeating the foregoing 
procedure, again the colors are apparent, but this time it 
is a simple matter to substitute a comparable achromatic 
lens. This substitution eliminates the colors. 

The way chromatic aberration accounts for the observed 
colors may be made clear to the class by‘considering the lens 
as a double prism. -As shown in Fig. 2, the blocked-off 
lens refracts the blue and red differently, as would a prism. 
The colors supplement one another in the central part of 
the image, producing white. At the edges, however, such 
addition does not occur and the colors are apparent. The 
second half of the lens, if uncovered, would produce the 
same aberration, but in the reverse direction. Thus, with 
the unobstructed lens the end effects add to make the 
entire image white. 
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Incidentally, these two experiments can be used to 
illustrate the fact that the image on the retina is reversed. 
The class’s subjective observations will agree with our 
simulated eye results except that one is reversed. 


S. F. Jacoss 


A. B. STEWART 
Antioch College, 


Yellow Springs, Ohio 


1 For a related experiment see D. H. Jacobs, Fundamentals of Optical 
Engineering (McGraw-Hill Book Company, Inc., New York, 1943), 
p. 84. 





Note on the Teaching of Geometrical Optics 


E have observed that almost all the books that deal 
with geometrical optics use the designation of a 
segment AB=x by the letter x in a line with two arrows, 
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Heat and Thermodynamics. Third Edition. MARK W. 
ZEMANSKY. Pp. 465+xiv, Figs. 183, 1623.5 cm. 
McGraw-Hill Book Company, New York, 1951. 
Price $6.00. 


The new third edition of Zemansky’s excellent book is 
about 70 pages longer than the second edition. The addi- 
tions include: Giauque’s temperature scale; sections on 
dielectrics and piezoelectricity; Griineisen’s equation 
(while a section on Richardson’s thermionic equation has 
been omitted); a Chapter XVI on the Physics of Very Low 
Temperatures containing an expanded study of the lique- 
faction of gases and a section on the third law. The material 
on transfer of heat has been redistributed; sections on 
Poiseuille’s equation and Reynolds number have been 
added. The mathematically inclined reader will be happy to 
find in Chapter X (Entropy) a new brief section on the 
Principle of Carathéodory which postulates that in the 
neighborhood of any state of a system there exist adiabati- 
cally inaccessible states. Via integrability conditions, 
Carathéodory’s principle yields the existence of an entropy 
function and of the absolute temperature. A sketch of the 
proof of this fact is included. 

If in glancing through the new edition of this much-used 
book the reviewer feels one regret, it is that the author 
has not used his great authority to break with some ana- 
chronistic traditions of symbolism. In its differential form, 
the first law is, as almost everywhere, stated as follows: 


dQ=dU+dW. 
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one at each end. One of the difficulties of the study of the 
subject is exactly the diversity of convention of signs 
among the excellent treatises available, and we have 
adopted the use of designating the segment AB=x by a 
line with only one arrow, at its extremity. This has the 
advantage of emphasizing not only the origin, but also the 
sign of the segment, according with the propagation of 
the rays of light. 

The use of this notation in the figures, and the adoption 
of the convention of signs and notation on geometrical 
optics now recommended by the International Commission 
of Optics,! have reduced to a minimum the doubt and 
confusion in the lectures and exercises. 


Jonas SANTOS 
Escola Nacional de Engenharia, 


Universidade do Brasil, 
Rio de Janeiro, Brasil 


1Am. J. Phys. 19, 122 (1951). 
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Before formulating it the author declares that an infini- 
tesimal amount of heat is an inexact differential to be 
represented by the symbol dQ. But there is no discussion 
of the general notion of a differential. If it is admitted that 
a textbook should present to the reader the easiest access 
to the subject matter, it is hard to see why texts on thermo- 
dynamics should not include, at least as an alternative, 
the formulation 


Q(t) =U()+W(e) at any moment t, 


where the dot is the symbol for an instantaneous rate of 
change. This latter formulation of the first law is applicable 
only to ‘‘differentiable” processes (in which Q, U, and W 
admit instantaneous rates of change). But it has the ad- 
vantage of introducing only mathematical concepts with 
which even every beginner is thoroughly familiar. It 
cannot be said that these latter concepts include the general 
notion of a differential or the somewhat obscure idea of 
inexact differentials. In a beginner one cannot presuppose 
a thorough understanding of more than the idea of the 
differential of a given function. 

The time seems also ripe for the explicit introduction 
of the Stieltjes integral into textbooks of thermodynamics. 
This concept can be defined in a few words. Its importance 
in mechanics is increasing, and it has become a standard 
tool of statisticians. The Stieltjes integral is clearly de- 
signed to supersede the eighteenth century idea of inexact 
differentials. 

KARL MENGER 
Illinois Institute of Technology 
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Thermodynamics. Fourth Edition. A. W. PorTER. Pp. 
124+vii, Figs. 21, 11X17 cm. John Wiley and Sons, 
Inc., New York, 1951. Methuen and Company, Ltd., 
London. Price $1.50. 


Porter's little book, one of Methuen’s Monographs on 
Physical Subjects, is especially valuable because of the 
perspective which it gives the student on the development 
of the fundamental ideas of thermodynamics. This is of 
special importance in this field in which the ideas are so 
abstract that the student may only gradually come to 
understand their full implications. 

The new fourth edition is characterized by the addition 
of two new appendices by Professor W. Wilson. The first 
of these is designed to replace a revision of the text itself. 
Wilson writes ‘‘Porter’s little book is in some ways unique, 
and it seemed to me, therefore, undesirable to interfere 
with the text, except to correct the few obvious misprints 
in it.’’ This procedure has both advantages and disadvant- 
ages from the standpoint of the student. Wilson’s com- 
ments fill somewhat the same function as the commentary 
of a class teacher, illuminating obscure points from a 
different point of view. The student will find the com- 
mentary on these points more useful than another text- 
book; the comments are generally to the point, in the 
language of the original text, and genuinely complementary. 

The disadvantage of the separate appendix is that the 
text and appendix must literally be read together as Wilson 
intends to gain the full advantage of the commentary. 
This is especially true in sections where the original text 
may actually be misleading. Since no references to the 
appropriate sections of the appendix have been placed in 
the text this is at best inconvenient. Additional cross- 
references within the body of the text itself would also be 
useful especially for formulas reintroduced in later sections 
for specific applications or otherwise. 

The opening chapters with their development of the 
fundamental principles seem to this reviewer the most 
valuable feature of the book. However the sections on 
applications of thermodynamics are necessary to give 
students an appreciation of the value and power of the 
subject, and some weaknesses in the original text have 
been clarified in Wilson’s appendix. His second appendix 
adds a brief discussion of the application of thermo- 
dynamics to black body radiation. 

Porter’s ‘‘Thermodynamics”’ should be a very useful 
book for the student beginning the study of thermo- 
dynamics who wishes more insight into the nature of its 
fundamental concepts and their historical development 
that is given by many of our intermediate thermodynamics 
texts. 

RosBert H. FRost 
University of Missouri 


Tensor Analysis: Theory and Applications. I. S. SoKoL- 
NIKOFF. Pp. 335+ix, Figs. 43, 6X94 in. John Wiley 
and Sons, Inc., New York, 1951. Price. $6.00. 


This book was obviously written by a skilled teacher. 
It is well known that knowledge and enthusiasm are 
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necessary but not sufficient for good teaching; a third re- 
quirement, at least, must also be satisfied. The teacher 
must be able to anticipate some of the questions which 
arise in the student’s mind as the exposition progresses. 
The good teacher arranges his presentation to answer 
these questions as they arise without impeding the flow 
of the argument. 

Professor Sokolnikoff, in this book, illustrates admirably 
the good teacher in action. Perhaps his twenty-five years 
of experience as a teacher contribute to this end, but such 
experience has obviously not led to the same result in all 
other authors. For example, any tensor analysis text will 
tell you that a tensor of weight one is a tensor density. 
Professor Sokolnikoff (p. 72) tells you why. Again (p.155) 
the author is seeking solutions of a particular class; a 
footnote explains why that class is desirable. 

About 1865 an English mathematician inquired plain- 
tively ‘‘What is the use of a book without pictures?” 
Professor Dodgson could not condemn this book on such 
grounds—it has 43 figures. The geometrically minded 
reader will wish there were more. 

The book spends the first chapter (50 pages) on linear 
vector spaces and matrices, the second chapter (55 pages) 
on tensors. This completes the formal development of the 
mathematics. Students will appreciate this isolation which 
permits them to look up an item of mathematics without 
becoming lost in the applications. The chapter on linear 
vector spaces and matrices clearly has in mind that the 
reader may apply them to quantum mechanics. The pre- 
sentation includes more items of use to quantum mechanics 
than the usual text on vector analysis. On the other hand, 
the vector operators are not developed in Chapter One, 
although they appear later among the applications. The 
reader who needs information on the more elementary 
aspects of vector analysis will require another source. 

The last four chapters treat applications to geometry, 
mechanics, special and general relativity, fluids and elastic- 
ity. Fluids are treated in full nonlinear form with reduction 
to the special case of linearity. A brief historical back- 
ground is given for the major problems treated. There is 
an adequate supply of problems, many of the form ‘‘Prove 
the following. . . .”” This will be appreciated, especially 
by those who must work at the subject without an in- 
structor. In fact, the book as a whole is one of the few pre- 
sentations which could be enthusiatically recommended 
to the solitary learner. , 

The development makes frequent references to original 
papers and to more extensive treatments of special topics. 
This procedure has a double utility. It permits a rapid and 
concise presentation of the main ideas while at the same 
time showing the relationship to particular areas of effort 
and to the historical course of evolution. One item of his- 
torical trivia is missing from the book. Perhaps the re- 
viewer is neurotically sensitive to the semantic overtones 
of words, but what, if anything, about a tensor is tense? 
Probably the word was borrowed from Hamilton who used 
the word “‘tensor’’ for what we would now call the “‘length”’ 
of a quaternion. A quaternion (and its conjugate) made up 
a two-step operator; a “‘versor’’ which rotated a vector, 
and a “tensor” which extended it. This usage probably 
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antedates any idea of the tensor as a measure of stress, 
but an authoritative settlement of the question would be 
desirable. 

It is, fortunately, seldom necessary for a reviewer to 
mention the printing, paper, and binding of a modern book 
from a major publishing house. Their excellence may be 
taken for granted. A book on tensor analysis with its 
jungle of subscripts and superscripts makes a fine hunting 
ground for the sort of person who delights in bagging a 
collection of misprints. There are about 10® symbols in 
this book. Despite every effort to the contrary, some of 
them are probably wrong. It is suggested that a good deal 
of pleasure and profit can be accrued by perusal of the 
symbols which are right. 

M. J. WALKER 
University of Connecticut 


Astrophysics: A Topical Symposium. Edited by J. A. 
Hynek. Pp. 703-+-xii, Figs. 136. McGraw-Hill Book 
Company, Inc., New York, 1951. Price $12.00. 


This volume is an outgrowth of the celebration of the 
fiftieth anniversary of the Yerkes Observatory. In 14 chap- 
ters it reviews a large part of the field of astrophysics to- 
day. Each chapter is a self-contained, authoritative review 
of a subdivision of the field, at an advanced level, by an 
expert in the specific area treated. 

General principles of classification of stellar spectra 
are first discussed by Kennan and Morgan. The second 
chapter, by L. H. Aller, is a concise summary of the phys- 
ical theory of intensities and profiles of stellar absorption 
lines, and concludes with a section on cosmic abundance 
of the elements. Struve’s chapter on peculiar stellar spectra 
contains a wealth of descriptive material on bright-line 
stars, close binaries, stars with extended atmospheres, 
novae, and some other variable stars. P. Swings gives a 
compact summary on molecular spectra in astronomical 
sources. The first part of the volume is completed with a 
chapter by B. Stromgren on physics of the stars. Although 
a number of topics are the same as in Aller’s chapter, 
Stromgren’s approach is essentially historical, and the two 
chapters supplement one another with little real dupli- 
cation. 

The second part contains three chapters, by E. Pettit, 
N. T. Bobrovnikoff, and G. P. Kuiper, respectively. 
Pettit’s is chiefly descriptive of solar phenomena, and 
includes the measurement of solar and stellar radiation. 
Bobrovnikoff discusses the physical nature of comets. 
This is a very welcome summary, for it is based in part on 
material that has long been scattered in the literature— 
some of it in obscure places. Kuiper discusses the origin 
of the solar system, presenting the first printed account 
of his modification of Weizsacker’s hypothesis. This is 
given in great detail and with less descriptive exposition 
than one would expect in a book of this sort. 

In the third part, three of four chapters deal with binary 
stars: visual doubles, by G. Van Biesbroeck; spectroscopic 
binaries, by Hynek; and eclipsing stars, by N. L. Pierce. 
Van Biesbroeck includes a summary on stellar parallaxes, 
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and Hynek discusses composite spectra and some statistics 
of binaries. The chapter on intrinsic variable stars, by 
Cecilia Payne-Gaposchkin, represents a new approach 
based on the recently recognized ‘‘Population Types I and 
II.’ Her diagrams of phase relations of phenomena in 
Cepheids merit careful study. 

Part IV is especially outstanding. Greenstein’s chapter 
reviews both observational and theoretical aspects of inter- 
stellar matter in the most complete single account that can 
be found in print. Chandrasekhar’s chapter on stellar 
structure shows this author at his best. A forbiddingly 
mathematical subject is presented in a remarkably lucid 
manner. 

The book as a whole is well-balanced, both in the dis- 
tribution of the separate topics and in the relative emphasis 
of observation and theory. If there is a deficiency, it is 
perhaps in the assignment of less than a full chapter to the 
sun, a subject that might well occupy two or three chapters. 
The book was not designed as a text and it would require 
extensive supplements if it were used as one. But as a re- 
ference volume it is outstanding. Its usefulness is enhanced 
by extensive bibliographies at the end of nearly every 
chapter. The volume should be required reading for all 
graduate students in astronomy and astrophysics, and all 
workers in the field will find a great deal of value in its 
pages. 

DEAN B. McLAUGHLIN 
University of Michigan 


Initiation and Growth of Explosion in Liquids and Solids. 
F. P. BowDEN AND A. D. YorFe. Pp. 102, Figs. 73. 
Cambridge University Press, New York, 1951. Price 
$3.50. 


To the experimental or theoretical research physicist 
anxious to gain a toe hold on the fascinating field of ex- 
plosions this reviewer heartily recommends this small 
monograph. The general student of physics too can gain 
a real insight into the methods of proof by experiment so 
ably and interestingly presented. My chief regret is that 
the important information contained in this volume was 
not known much earlier. If it had been, the outright super- 
stition and mysticism extant among war workers with 
explosives might have been dispelled to some extent and 
safety practices might have been reasonably improved. 

The authors’ main thesis in the book is to show that in- 
itiation of explosion, other than by direct thermal ignition, 
almost invariably takes place by local heating. This is 
accomplished through the intermediary of various mech- 
anisms, chief among which are ordinary friction and adia- 
batic heating by compression of small entrapped gas 
pockets. Several series of ingenious experiments are de- 
scribed to prove this point, and further show that the 
“‘momentary hot-spot’’ temperatures required are appreci- 
ably higher than the usual steady thermal ignition temper- 
atures. This is interpreted as evidence for the theory of 
Rideal and Robertson (Proc. Roy. Soc. (London) A195, 
135 (1948)) that explosion spreads from the hot-spot by 
self-heating, namely, when the heat evolved during de- 



















composition is greater than the heat lost by conduction. 
The authors point out furthermore that the theory ad- 
vanced by earlier workers must be supplemented. For not 
only is the hardness of grit particles present in solid ex- 
plosives instrumental in initiating explosions, but a factor 
of prime importance is the melting point of the grit parti- 
cles. In fact, by introducing grit particles of known melting 
point it was possible to estimate the temperature rise 
needed for initiation. There are some indications that the 
thermal conductivity of the grit particles is a!so a factor. 
The hardness of the particles is seemingly effective since 
(friction) stresses are concentrated at one or two points 
where the temperature rises to the necessary magnitude. 

In the final chapter there are described electronic and 
photographic observations concerning the way in which the 
explosion develops into a large-scale detonation. It is 
shown that “‘with all the secondary explosives the reaction 
begins as a comparatively slow burning which accelerates, 
and after traveling a short distance passes over into a low 
velocity detonation. Some primary explosives such as 
mercury fulminate and lead styphnate behave in the same 
way.” It is certainly most interesting to observe how the 
authors prove most of their points by performing experi- 
ments with the most elementary of apparatus and utilize 
more complicated techniques only when absolutely neces- 
sary. This chewing gum and baling wire point of view is 
extremely refreshing in the age of cyclotrons. 

GEorRGE E. Hupson 
New York University 


Quantum Theory of Matter. Joun C. SLATER. Pp. 528+ xiv, 
Figs. 111, 1623.5 cm. McGraw-Hill Book Company, 
Inc., New York, 1951. Price $7.50. 


In 1900 Max Planck introduced the hypothesis of quanta, 
which marked the beginning of quantum theory. This 
theory was very fruitful and finally developed into quan- 
tum mechanics and quantum electrodynamics. Whereas 
quantum theory before 1925 was deficient and unsatis- 
factory in various ways, quantum mechanics is logically 
complete and is a finished part of physical theory in the 
same sense that Newton’s mechanics and classical electro- 
magnetism are finished parts of physical theory. The 
development of quantum mechanics has made it possible 
for the first time to give a satisfactory theoretical ex- 
planation of the structure of molecules, chemical binding, 
and the theory of the solid state as well as some aspects of 
the liquid state. This explanation is in principle quanti- 
tative as well as qualitative, but the detailed mathematical 
work can be carried out completely or to a high degree of 
approximation only in the simpler cases. In other cases 
we must be satisfied with less accurate approximations 
and explanations using physical and mathematical think- 
ing, generalizing what we learned in the simpler cases. 

This book covers the field of quantum mechanics and 
its application to atoms, molecules, and the solid state. 
The basic plan of the book is logical and deductive, al- 
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though the author gives a certain amount of the historical 
development of the subject in order to give the reader a 
sense of history and an appreciation of the fact that this 
subject is still developing. This reviewer believes that an 
understanding of how the subject evolved is very im- 
portant. Although the treatment is mathematical, the 
amount of mathematical manipulation is kept to a mini- 
mum and the emphasis is on physical and mathematical 
thinking. Some of the mathematics is put into appendices 
of which there are twenty-two. The book is a very pleasant 
book to read because of its clarity. 


In the first 200 pages the author presents quantum 
mechanics as well as the quantum theory of Bohr, and 
their application to some of the usual problems of the 
atom, rotator, linear oscillator, and potential wells. Per- 
turbation theory is treated very thoroughly because it is 
so useful in the rest of the book. The treatment is elegant. 
The author presents general ideas in simple and concrete 
form. A method often used is to show how the general 
principle works out in a very simple case or cases, always 
keeping the mathematics as simple as possible. Thus, in 
discussing the analogy between geometrical optics and 
classical mechanics, pointed out by Hamilton, he considers 
some special cases with the aid of diagrams and simple 
mathematics. He finally ends up with Hamilton’s equation 
for a particle, but these are the most highbrow equations 
in the whole discussion. 

Although the student learns about orthogonal functions, 
solving wave equations, and so forth, the mathematical 
developments are kept as simple as possible with the aid 
of considerable verbal explanation. There is no reference 
to Hilbert space and other highbrow mathematics that can 
be dispensed with and still retain clarity. The WKB 
method is presented in a very clear manner. 

One of the important chapters deals with the central 
field model for atoms, in which the author presents the 
Hartree self-consistent field method. This is important 
because the self-consistent field method forms the basis for 
a great deal of the subsequent discussion of molecules and 
solids. 

The author uses the hydrogen molecule and molecule- 
ion to illustrate and explain the two methods of approach- 
ing the subject of molecular structure and chemical bind- 
ing, namely, molecular orbitals and the Heitler-London 
method. The treatment is excellent, but he does not refer 
to the most accurate work on He: because he is interested 
in presenting methods and concepts that can be used in 
more complicated cases. The physics is kept in the fore- 
ground. 

The treatment of chemical binding and valence is very 
clear. It is, of course, mathematical only in the sense that 
the author speaks about molecular orbitals, s and p atomic 
wave functions, perturbation calculations, applying the 
Heitler-London method, and using diagrams and graphs 
when necessary. 

Other subjects treated in the book are the metallic state; 
mechanical, thermal, and chemical properties of matter; 
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electrical conductivity including semiconductors, dielec- 
trics; and magnetism including superconductivity. 

The book is very carefully written and free from errors. 
However on page 77 the use of v for velocity and dv for 
element of volume in the same discussion may cause some 
temporary confusion. 
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This book is a textbook with problems at the end of each 
chapter. Although it was written in part with the needs of 
chemists and metallurgists in mind, it will be very useful 
to physicists also. 

Enos E. WITMER 
University of Pennsylvania 


New Members of the Association 


The following persons have been made members or junior members (J) of the American Association of Physics 
Teachers since the publication of the preceding list [Am. J. Phys. 20, 191 (1952)]. 


Ames, Clarence Emerson, 2442 Birdsall St., Blue Island, III. 

Armstrong, Baxter Hardin, 3801 Concord Blvd., Concord, 
Calif. 

Bird, Joseph Francis (J), 708 Moosic St., Scranton, Pa. 

Blake, Arthur E. (J), 5 Vets A and M Trailer Camp, Ft. 
Collins, Colo. 

Burgener, Carl E., Niles Township High School, Skokie, Ill. 

Cahill, Rev. Anthony Edmund, O.S.B., Belmont Abbey 
College, Belmont, N. C. 

Casey, Robert George (/), 229 W. Winona Ave., Norwood, 
Pa. 

Chasteen, Joseph Wiley, Jr., U.S.S. Fulton, AS-11-Div. 8, 
c/o Fleet Post Office, New York, N. Y. 

Clark, Clifton Bob, Electrical Engineering Department, 
U.S. Naval Academy, Annapolis, Md. 

Gabriel, Walter James, 2037 Windsor Pl., Fort Worth, 
Texas 

Gallup, Donald William, Woodland High School, Wood- 
land, Calif. 

Healey, Edward Richard (J), 36 Chandler St., Philadelphia 
S. Pa. 


Hennessey, John Edward (J), 136 Princeton Ave., Glouces- 
ter Heights, N. J. 


Jamieson, Charles Peter (J), 295 Skillen St., Buffalo 7, 


N.Y. 

Juretschke, Hellmut Joseph, 146 Fulton St., Brooklyn, 
N. ¥. 

Mackey, Edward Frank, 6919 Harbor Ave., Long Beach 5, 
Calif. 

Martin, Joseph Pourcher (J), 249 So. Farragut St., Phila- 
delphia 39, Pa. : 

Mason, John Bulkley, P.O. Box 771, La Jolla, Calif. 

Montemuro, Albert Thomas (J), 1223 Overington St., 
Philadelphia, Pa. > 
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“Fact,” as I intend the term, can only be defined ostensively. Everything that there is in the world 


I call a “‘fact.’’ The sun is a fact; Caesar's crossing of the Rubicon was a fact; if I have toothache, 
my toothache is a fact. If I make a statement, my making it is a fact, and if it is true there is a 
further fact in virtue of which it is true, but not if it is false. The butcher says: ‘‘I’m sold out, and 
that’s a fact’; immediately afterwards, a favored customer arrives, and gets a nice piece of lamb 
from under the counter. So the butcher told two lies, one in saying he was sold out, and the other in 
saying that his being sold out was a fact. Facts are what make statements true or false. I should 
like to confine the word ‘‘fact’’ to the minimum of what must be known in order that the truth or 
falsehood of any statement may follow analytically from those asserting that minimum. For ex- 
ample, if ‘Brutus was a Roman” and ‘‘Cassius was a Roman” each assert a fact, I should not say 
that “Brutus and Cassius were Romans"’ asserted a new fact. We have seen that the questions 
whether there are negative facts and general facts raise difficulties. These niceties, however, are 
largely linguistic.—BERTRAND RuSSELL, Human Knowledge 1948. 





